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INTRODUCTION 


Science, without practical application, 
benefits the curious only by providing a 
phenomenological understanding of the 
world around us. Such understanding, by 
itself, is not what changes the world; nor 
does it change the manner by which we 
live. Rather, it is the things that man can 
do, as a result of his new knowledge, that 
provide comfort, material gain, and lon- 
gevity along with social consternation 
and even political change. 

In the spectrum of good and evil, sci- 
ence is a neutral. Man colors it with his 
values and ambitions, his greed or his 
compassion; applied science can produce 
guns to kill or to protect; aircraft to pro- 
vide travel or to conduct war; drugs to 
ease pain or simply to make the world 
go away. Man must choose and act 
wisely; for by his choice tomorrow will 
be filled with pleasure or unmeasurable 
fear. 

In this volume, and in Vol. 18 that fol- 
lows, the major applications of science 
that have provided—or hold promise of 
providing—significant accomplishment in 
the endeavors of man are examined. 
Modes of transportation, such as the air- 
plane and the automobile, are discussed— 
not only with regard to how they are 
created, but also in terms of the sundry 
components that go into them. 

Man's need to seek order in his life has 
led to the concept of time and the crea- 
tion of clocks to keep track of it. A history 
of these timepieces from their earliest be- 
ginnings is contained herein. Man's de- 
sire to record significant events in history, 
specific moments of beauty, or important 
visual data stimulated the invention of 
the camera. Two articles describe in de- 
tail the way in which a modern camera 
works. 

Articles on the hologram and holog- 
raphy offer a glimpse at what tomorrow 
may hold in the way of three-dimensional 
photographs, movies, and, perhaps, tele- 
vision. Because such possibilities are a 
result of the invention of the laser, then 
later enhanced by the maser, articles on 
these developments are also included. 

Discovery of the microscopic world of 
the amoeba and the paramecium, along 
with other microbes, propelled man's ef- 


fort to create better microscopes the 
limit of ordinary optics had been : od. 
Still curious—and armed with kno ige 
of the atom and its constituents—m:: de- 


veloped the electron microscope anc the 
mass spectrometer. Hence, several .:ti- 
cles trace the creation, improvement, ind 
utilization of the microscope. 

The need for tools with which to hant 
and to work the fields attracted mai to 
the special qualities of metal. From ‘he 
simple smelting and casting of copper 
and bronze grew the modern blast 
nace of today; its development alone is 
testimony to man’s determination and i'ı- 
genuity. A historical treatment of ths 
development is accompanied by an up- 
to-date discussion of furnaces curren’ y 
in use. Coupled with this developm nt 
is the entire science of metallurgy; ve 
reader’s attention is directed to the 
cle on process metallurgy and to i- 
tional articles on mining in Volume ! 

The one achievement in science it 
has most changed our lives since the . ud 
of World War II is the developmen of 
the electronic computer. An occasional 


nemesis to the credit card holder, a b: »ss- 
ing to the accountant, and a slave to ‘he 
engineer, this device has transfor: ved 
tasks that five years ago were impossible 
into trivial endeavors. When the world 
witnesses precision lunar flights from 


launch to splashdown, it does so by vir- 
tue of the planning, engineering, and ex- 
ecuting made possible only by computers. 
Five articles in this volume define and 
analyze this brainchild of man—including 
the-mathematics, language, and opera- 
tional characteristics of the electronic 
computer. 

Space does not permit mention of each 
article contained in Volume 17. However, 
for ease of reference, all of these articles 
on technology contained in Volumes 17 
and 18 have been arranged alphabeti- 
cally. By checking the complete index in 
Volume 20, the reader can easily deter- 
mine whether the topic he is looking for 
is available in this encyclopaedia. 


Donato G, Lemke, Ph.D. 
Assistant Professor of 
Mechanical Engineering, 
University of Illinois 
at Chicago Circle 


THE AIRPLANE 


creation of a new type of aircraft, 
il or military, involves solving a series 
problems whose complexities usually 
pe the majority of the public. One 
¿on is that air travel itself has become 
ommon that airplanes no longer 
as much interest as they once did. 

s article discusses the major eco- 
and technical problems common 
planning, development, and test- 

! a new aircraft. Most of the study 
to a military jet aircraft, but the 
vent may be considered as being 
illy applicable to the creation of 
ireraft. Building a military aircraft 
most of the problems that arise in 
ilding of its civil counterpart. Iden- 
'chniques are used, and building 
ds in the same order—even when 
different sizes are involved. Basic- 
small reconnaissance jet and a 
jumbo jet" are born in the same 
However, each may have some 
ns peculiar to its operational pur- 


'ING PHASES 


es are always costly. They are 

ed to fulfill specific orders only— 

automobiles, whose plants mass 

e cars for a vast and reliable con- 

market. The initial problem facing 

reraft company is economic in na- 

Fhe decision to build an aircraft is 

taken only after long and laborious market 

research in the case of a civil aircraft, or 

after precise agreements with the inter- 

ested government in the case of a military 
aircraft. 

An aircraft company cannot, in fact, 
take on single-handedly the economic 
burden involved in designing and build- 
ing a prototype without being certain 
that a certain number of production air- 
craft will be bought by an airline or by 
some country's air force. Therefore, most 
aircraft are only planned and built after 
à client, or group of clients, has executed 
a commitment to purchase, This com- 
mitment may take the form of a commis- 
sion, in the same manner as custom yachts 
or large ships are purchased, or by pur- 
chasing an option to buy if the aircraft 


meets specification and future business 
permits. In the case of small private air- 
craft, where the market may indicate a 
larger quantitative need and the cost per 
unit is smaller, the aircraft manufacturer 
may generate the entire capital commit- 
ment himself. 

The program is initiated by common 
agreement between the aeronautics firm 
and the clients (airlines or governments ). 
Both parties then proceed to a joint study 
of the general characteristics that the air- 
craft should have—its dimensions, layout, 
propulsion, performance, load capacity, 
and so forth. The two parties then draw 
up a specification contract that enumer- 
ates all of the aircraft's characteristics in 
detail. At this point, once the aircraft 
company is certain that its aircraft will 
produce a profit, it begins to develop and 
fabricate a prototype. Here is where the 
technical problems first arise. Unlike 
many other products, an aircraft cannot 


STAGES IN THE DEVELOPMENT OF AN AIR- 
CRAFT—The horizontal axis shows the time 
needed for the various phases of planning and 
building of the prototype. The vertical axis 


3 


from the planning stage 
to the prototype flight 


be totally planned before fabrication be- 
gins. The design of new aircraft, unlike 
simpler products, always undergoes nu- 
merous (sometimes basic) changes be- 
fore final production because of the enor- 
mous complexities involved. An aircraft 
has from 8,000 to 15,000 pieces in its basic 
structure alone—excluding all the auxil- 
iaries (assorted apparatus, components 
for control and command, and so forth). 
This does not include the engines, which 
are planned and built separately. Be- 
tween 4,000 and 10,000 drawings are usu- 
ally required. Illustration 1 shows how 
drawing (and redrawing) continues as 
the building of the prototype advances. 
On the average, 30 months elapse be- 
tween the commencement of final studies 
and the taxiing test ( where the prototype 
is taxied on the runway, but not flown). 
From preliminary studies a scale model 
of the aircraft is made. Aerodynamic tests 
are then performed in a wind tunnel with 


shows the number of drawings needed. The 
complete execution of the drawing is carried 
out during the creation of the aircraft. 


WIND TUNNEL STUDIES AND TRACINGS— 
After establishment of the dimensions, studies 
are carried out on small wooden models in a 
wind tunnel (Illustration 2a) until the aircraft's 
geometry and the best aerodynamic profile 
have been determined. These final dimensions 
are digitalized and stored in a computer, They 
are elaborated in numerical form as a series 


this model to optimize the aerodynamic 
performance and stability of the design. 
During these tests the geometry of the 
aircraft is finalized by reworking the scale 
model repeatedly (Illustration 2a), Com- 
puters are used to store the geometry of 
the final model in digital form. Using nu- 
merical curve-fitting techniques, selected 
longitudinal or transverse sections of the 
aircraft are expressed in terms of mathe- 
matical equations. From each equation a 
curve, or series of curves, is obtained that 
represents each section of the aircraft ex- 
actly to scale. In addition, by using a 
computerized drafting machine, the nu- 
merical data are converted to section 
drawings, called tracings, which are cop- 
ied onto sheets of rigid material by spe- 
cialized draftsmen (Illustration 2b). This 
action permits the original image to be 
transferred to aluminum sheets by means 
of a photographic process. The tracings 
serve as the basis for the entire construc- 
tion of the prototype. They were formerly 
generated by hand by specialists, known 


a 


of mathematical equations representing the 
lines corresponding to the major longitudinal 
and transverse sections. 

From the digital data a computerized draft- 
ing machine converts the design to tracings. 
However, some tracings still require manual 
effort. Illustration 2b shows one of the large 
tables in a tracing room and two tracers at 


as loftsmen, and this activity is called 
lofting. A considerable saving of time and 
money has been achieved in this activity 
through the application of the computer. 


BUILDING THE PROTOTYPE 


In building the prototype, the drawings 
and the skills of technical specialists com- 
bine to create each part. The structural 
tracings are sent to a mechanical work- 
shop, where a model of each part is cre- 
ated. This work entails patient and ac- 
curate handwork by craftsmen, since at 
this stage only pieces of simple shapes 
and dimensions can be made with auto- 
matic machines as complex parts require 
expensive custom tooling. 

The skin of the aircraft is made of 
sheeting and is also traced completely. 
From tracings representing the various 
developments of the different pieces of 
sheeting, the master model is made. Each 
master is made from wood, resin, and 
other materials and reproduces an out- 


work in the foreground. From the o als, 
which were printed on a rigid plastic : rial, 
a photographic reproduction process tr ters 
the plans to an photosensitive aluminu eet 
(Illustration 2c). The tracings are then t to 
workshops for the fabrication of the s ture 
detailed. 

— — 
side surface of one part of the air raft. 
The corresponding element of the use- 
lage is then outlined on this—by ha 

From the masters, various copyin »ro- 
cedures produce the molds for tv. ing 
out the sheeting in mass production. There 
is a pronounced contrast between this 


early craftwork and the mechanized work 
of the later mass-production stage. In the 
meantime, the various structural pieces 
are being built and the process of future 
assembly is being considered. 

During assembly, reference points must 
be easy to find, and each piece must form 
a perfect fit with its neighbor. Moreover, 
it often happens that the manufacture of 
a part, or subassembly, is subcontracted 
to other companies. ( The same thing oc- 
curs in engine manufacture.) To find the 
reference points for assembly and for in- 
stalling spare parts, it is necessary to con- 
struct a geometrically defined fixture that 
also enables scaffolds to be set up. This 
fixture is the template. Basically, it is a 
checking device that has varying dimen- 


NG THE FUSELAGE AND THE STRUC- 
PARTS—At this point, there are still 
m machines or equipment with which 
the various structural and nonstruc- 
of a prototype. These machines are 
ructed when mass production is to 
so skilled workers are still required. For 
2, to fabricate the sheeting for the cowl- 
thods close to those of the hand crafts- 
be used. On the basis of the trac- 
hape samples (or masters) are made 
j or resin. These masters are exact 
19s of the external shape of the air- 


craft, or of a particular detail on it. 

Illustration 3a shows a front section of the 
fuselage. Subsequent copies from the master 
are used later to turn out the dies for mass 
production. For the prototype, however, the 
various parts of the aircraft's shell are shaped 
by hand or power hammer on the master, de- 
pending on the size of the part. 

Illustration 3b shows a small part—an air 
Scoop—being shaped by hand. 

Illustration 3c shows a large piece being 
fashioned with an appropriate power hammer. 
After shaping, the pieces are checked against 


their masters (Illustration 3d). 

The skill of craftsmen is also used for struc- 
tural elements. Illustration 3e shows a special- 
ist machining a segment of a fuselage rib on 
a vertical milling machine. This operation is 
carried out with extensive care and time. In 
mass production, this job is done by auto- 
mated machines. The photograph gives an 
idea of the difficulties and skill involved. The 
piece shown, which is made of lightweight, 
high-resistance alloy, weighs 40 kg (about 
88 Ibs) to begin with, and only 2.5 kg (about 
5.5 Ibs) upon completion. 
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METAL MOCK-UP—While the various elements 
of the prototype's structure and shell are put 
together, the mock-up is also built. It may be 
made of wood or metal—in this case, it is 
metal. The result is a full-scale aircraft that 
never flies. Its purpose is to enable the tech- 
nicians to physically determine how to ar- 
range and install the engines, controls, control 


apparatus, and so forth. The most logical ar- 
rangement of all these often complicated in- 
stallations cannot be foreseen at the planning 
stage. The arrangement of the various pieces 
of equipment on the mock-up is then trans- 
ferred at the drawing table for the construc- 
tion of both the prototype and the mass-pro- 
duction model. 


sions. It may be simple or complicated, 
according to the piece to be constructed. 
The various templates are built from the 
tracings and form a system of carrying 
out precise, rigorous checks. In building 
the assembly scaffolding, the templates 
form the bases on which the various sec- 
tions of the aircraft are assembled—the 
cockpit, fuselage, wings, and so forth. 
This system ensures that the various parts 
form perfect fits and are perfectly inter- 
changeable. The template is also used 
for checking the parts built by other firms. 


THE MOCK-UP 


While the parts, masters, templates, and 
assembly equipment are being built, the 
mock-up is being put together in a special 
workshop. À mock-up is a life-size replica 
of the aircraft, but its design is simplified 
and it is made from materials that are 
not used in production. The mock-up is 
made from wood or metal, and has an 
extremely important function. It is im- 
possible to design an aircraft completely 
before manufacture because of the com- 
plexity involved. Use of the mock-up en- 
ables immediate checks during fabrica- 
tion to ensure that the various structural 
and covering parts form good geometri- 
cal fits, It also allows for adjusting many 


other factors: the arrangement of the 
auxiliary equipment; the location of miles 
of electrical wiring, the hydraulic and 
pneumatic piping that runs the length and 
the breadth of an aircraft; for checks on 
the installation of the landing gear, fuel 
cells, and their placement; for positioning 
the onboard components for control, nav- 
igation, and so forth; and for all the de- 
tails that are impossible to design a 
priori. The designs proceed in phase with 
the mock-up and are transmitted to the 
technical departments, which, in turn, 
pass them on to the various workshops 
for fabrication. 


ASSEMBLY 


As the fabrication of the various units 
proceeds sufficiently, assembly is begun. 
The various parts are brought together 
into subassemblies, the subassemblies into 
assemblies, and so on up the hierarchy 
of complexity, each with its own assem- 
bly scaffold, until final assembly is 
reached. 

At the same time, groups of specialists 
are transferring various designs from the 
mock-up to the prototype. In parallel 
with assembly, various functional tests 
are made on the apparatus and pieces— 
tests that conclude with an overall check 
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TEMPLATES AND ASSEMBLY SCAFFOLDS— 
The masters also serve to make the templates 
that, in practice, are fixtu for checking 
dimensions, one for each piece of the airplane. 
They provide fixed reference points that enable 
the assembly scaffolds to be made (lllustra- 


tion 5a) so that when the var parts are as- 
sembled, they fit perfectly \plates are also 
used to check on pieces that have been made 
by subcontractors. Illustration 5b shows a 
machine for the dimensional control of the 
templates along three axes. 


once assembly has been finished. 


EVALUATION AND 
FLIGHT TESTS 


All the major structures of an aircraft are 
submitted to static and fatigue tests that 
simulate flight conditions. Each test is 
followed by scrupulous examinations to 
check the behavior of the various parts. 
Illustration 6 presents a series of photo- 
graphs showing some of the more impor- 
tant tests. Testing virtually never finishes. 
The same tests are repeated until assem- 
bly is over and the engines have been 
installed. 

Finally, the aircraft is brought onto 
the runway for a first taxiing trial. It is 
taxied along the runway until lift-off 
speed is reached. The pilot checks the 
brakes and sees that the aircraft is prop- 
erly balanced, that it handles well, and 
so forth. After further tests, the first flight 


STRUCTURAL TESTS—As the prototype is 
being built, a large number of tests are car- 
ried out, not only on single parts but also on 
very complex sections of the aircraft. In Illus- 
tration 6a, a series of high-frequency impulses 
from below the wings simulates the conditions 


takes place with a company test pilot at 
the controls, 

This first flight is followed by others. 
Each time, the aircraft is fitted with spe- 
cial devices and instruments to detect 
and record innumerable data to enable 
the technicians to judge whether the 


of flight in order to test the fatigue and frac- 
ture resistance of the various parts of the 
structure. Illustration 6b shows a section of a 
fighter plane's fuselage undergoing a fracture 
and fatigue test (proof test). Illustration 6c 
shows an ultrasonic examination of a structural 


aircraft is performing in exact accordance 
with the plan. 

When the aircraft company has finished 
its tests, the client checks to ensure that 
the aircraft satisfies the specifications that 
were stipulated in the contract. After 
these tests, mass production can begin. 


element from the wing of the prototype. The 
data derived from these tests can lead to mod- 
ifications in the aircraft's structure to increase 
its resistance to the strains of flight. 


It is impossible to attain the ideal in 
aircraft design because the “safest” air- 
plane would be one that could not fly at 
all; the “fastest” would have no practical 
use except to set speed records, and the 
“farthest flying” would have little utility 
except to establish endurance records. 
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TESTING ONBOARD EQUIPMENT — An ex- 
tremely delicate phase is that of testing the 
various components and instruments. Illustra- 


8 

ASSEMBLING THE PROTOTYPE—Here is a 
prototype in an advanced stage of assembly. 
Behind it is a second prototype in an earlier 


tion 7a shows a flight simulator. The tester 
checks all the accessory equipment by piloting 
the aircraft in front of a screen on which an 


assembly phase. The apparatus in the fore- 
ground is a hydraulic bench used for testing 
and qualifying the hydraulic equipment es- 


lon 7b 


aerial sequence is projected 
device 


shows a model installed on a 
to complete the final check on 


sential to the pilot's control of tt 


9b 

GROUND AND FLIGHT TESTING OF THE 
PROTOTYPE—For the prototype that has just 
emerged from the workshop, testing is not yet 
over. Before flying, it must undergo a new 
Serles of functional checkouts and tests. 
Illustration 9a shows the prototype undergoing 
a random vibration test. Data are collected 


and recorded in an appropriately equipped 
truck. 

With the ground test behind it (including 
engine tests) the prototype is prepared for 
flight. A complicated series of data recording 
devices is installed on board. Some examples 
are shown in Illustration 9b. During flight (Il- 


lustration 9c), they register the functioning of 
each part of the aircraft. 

After numerous test flights and ground tests 
the aircraft is finally qualified as satisfying the 
specifications in the contract, and the client 
then makes his own test flights and evalua- 
tion tests. 
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ANTENNAS 


In all kinds of broadcasting, whether by 
a toy walkie-talkie, a large radio or tele- 
vision transmitter, or a radiotelephone 
combination, the modulated high-fre- 
quency currents generated in a transmit- 
ter must be converted into electromag- 
netic waves in order to be beamed into 
space. This conversion is carried out in 
the antenna. 

The antenna is a length of conductor 


OSCILLATING CURRENTS—The transmission 
of radio waves is based on the phenomenon 
of resonance in oscillating circuits. Such cir- 
cuits are able to radiate electromagnetic waves 
when they carry high-frequency alternating 
currents. 

A mechanical analogy shows how an oscil- 


b 


mechanical system 
(elastic or springy) 


V voltage across C 


(electrode a) T closed 


Ie 


how electromagnetic 
waves are transmitted 


that has the special faculty of radiating 
electromagnetic waves into space when 
carrying a high-frequency current. Con- 
versely, it can be used to receive electro- 
magnetic waves and convert them to high- 
frequency current. Normal conductors 
(and this includes conductors carrying 
alternating currents, electric transmission 
lines, and the conductors carrying a high- 
frequency current from a transmitter to 


lating current works. Illustration 1a shows a 
capacitor C and an inductance L, connected as 
shown and with the capacitor charged. If a 
certain voltage of electricity is applied to the 
plates of the capacitor, the energy We of the 
electric field will be accumulated in the di- 
electric; that is, the insulating air or material 


conducting tube 


an antenna) do not radiate to any 
ciable extent because they are usi 
stalled in pairs. There is an outw 
ductor and a return conductor, w} 
close together but in opposite dir 
with the result that each annuls 
diation effect of the other. 

On the other hand, if the linc 
nates in two poles that are sprea 
the currents in these poles will 


between the plates of the capacitor 

ergy can be compared with the pote 
ergy of a heavy sphere attached to th 
a flexible shaft that is prestressed in 

If the shaft is free to oscillate, as in IIl 
1b, just as the current in the circuit i 
circulate, the sphere will begin tc 


ppre- 
ly in- 
con- 
h run 
ions, 
» Ta- 


rmi- 
dart, 


flow in the same direction and the elec- 
tric energy will be converted into radia- 


tion energy. 


THE NATURE OF RADIO WAVES 


1 ture of the radio waves emitted 
antenna can best be understood 
aves are compared with other ra- 

such as heat or light. The emis- 
ght is an atomic phenomenon. 
rons revolving around the outer 
toms receive energy as a result 
eractions with photons or other 


ng potential energy and gaining 
netic energy. In much the same 
electrostatic energy in the capac- 
harged to the circuit, a current 
s produces a magnetic field in the 
hich thus absorbs the energy of 
s magnetic energy Wm can be 
th the kinetic energy produced by 

jf the small sphere. 
> stops when it reaches the other 
its run; it loses its kinetic energy 
res its former potential energy. In 
ng circuit, analogously, the current 
he condenser; once again a volt- 
ross the plates, but this time of 
€ arity, and the electrostatic field 
wi jenerated while the magnetic one 
In the case of both the oscillating 
he sphere, this process is repeated 
until all the energy is dissipated. 
tion is due to passive resistances 
ir jf the circuit and to friction in the 

sphere. 

vacuum tube is connected to the 
c own in Illustration 1c, an oscillat- 
ir 5 obtained that is continually being 
8 h new energy, and the oscillations 
w re, become permanent. In the me- 
c alogy, the sphere can be kept in 
nply by giving it a new push after 
e lation, but this push must be syn- 
[ perfectly with the motion of the 
r t is, it must be given when the 
E eady moving in the same direction. 
me fashion, the voltage losses oc- 
oscillator circuit must be made 
h oscillation, but the added poten- 
tiz e applied at the correct moment. 


Tt a switch is needed that can operate 
wit per speed and in perfect synchro- 
niz th the oscillations. For this reason 
the ince in the oscillating circuit is used 
as sformer; the secondary winding is 
conn d to the grid of a triode whose anode 


circu upplies the potential that is applied 
to t »scillating circuit. The grid potential 
thus depends on the current flowing in the in- 
duc and consequently the triode circuit 
will be closed only when this current is flowing 
in a certain direction; that is, during the half 
period of the oscillation in which the tube 
potential reinforces the oscillating circuit po- 
tential. The first experimental emission of radio 
waves from an oscillating circuit was achieved 
by the Italian physicist August Righi, who used 
a Ruhmkorff spark coil to produce a spark be- 
tween the terminal spheres of two conductors, 
as shown in Illustration 1d. A metal ring with 
a small gap was placed some distance away 
from the apparatus. At every discharge of the 
Spark coil, a small spark passed across the 
gap in the ring, because the electromagnetic 
waves emitted by the coil induced similar 
oscillations in the ring. 


b 


yox 


c 
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THE ORIGIN OF ANTENNAS — The fact that 
modern antennas are merely oscillating cir- 
cuits can best be illustrated through the fol- 
lowing step-by-step description. Illustration 2a 
represents an oscillating circuit made up of à 
capacitor C and an inductor L. Illustration 2b 
represents the same circuit with the gap be- 
tween the plates of the capacitor widened and 
the turns of the inductance reduced to one. 
Illustration 2c shows the capacitor reduced to 
two parallel conductor poles. Illustration 2d 
shows the poles separated even farther. Illus- 
tration 2e shows the two poles straightened, 
while Illustration 2f shows them pulled so far 
apart that they lie in a straight line and form 
a doublet or dipole. This dipole seems to bear 
no structural resemblance to the oscillating 
circuit shown in Illustration 2a, but the above 
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electrons, and they assume larger orbits 
than those they normally follow. In an 
incandescent light bulb, for example, 
this energy comes from the impact of the 
electrons that make up the current. The 
electrons then give off their excess en- 
ergy in the form of light radiation and 
return to their normal orbits. 

An analogous process takes place in 
the case of the electrons making up a 
high-frequency current; they vibrate rap- 
idly and give rise to the emission of ra- 
diant energy when they follow a circuit 
whose ends are separated. An antenna is 
just such a circuit. 


PROPAGATION 


The electromagnetic waves that ema- 
nate from a radio or television transmit- 


description clearly demonstrates the electrical 
similarity between the two, in the sense that 
the electrical parameters of capacitance and 
inductance remain although their values differ, 
as shown from Illustration 2a through Illustra- 
tion 2f. 

The dipole obtained in this manner is capa- 
ble of radiating waves because the currents 
in the two branches always flow in the same 
direction and, therefore, amplify each other, 
as shown in Illustration 2h. As Illustration 2g 
shows, however, the flow of current in the two 
branches of conductors transmitting electric 
energy is always opposite, even though the 
current carried has a very high frequency. The 
radiation effects thus cancel each other and 
no radiation into space occurs. 


ter are produced by oscillators or vac- 
uum tubes. These waves are of the same 
nature as light and differ from it only in 
having lower frequencies. Like light 
waves (and this is especially true of mi- 
crowaves, which have the highest fre- 
quencies), radio waves travel in a 
straight line and are either reflected or 
absorbed by natural objects. The fact 
that radio waves travel in straight lines 
explains why a radiotelephone link can 
operate between two stations without 
being intercepted except along the path 
on which its waves are beamed. It also 
explains why television transmitters are 
so numerous. The radiations of a tele- 
vision transmitter are very short (only 
a few decimeters in length) and since 
they cannot follow the curvature of the 
Earth, they have a very short range; 
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therefore, the transmitted signal cannot 
be received at any great distance. 
Regardless of their length, whether 
short, medium, or long, radio waves have 
a lower frequency than television waves 
and radiate over a wider area; they can 
be received well beyond the horizon. 
While microwaves can be sent into space 


3 


progressive or advancing wave 


half-wave dipole 
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DIPOLE CHARACTERISTICS — The antennas 
used to transmit different frequencies (and 
therefore different wavelengths) differ so much 
that they may seem to be based on different 
principles. Nevertheless, they are always 
based on the concepts illustrated. The differ- 
ences are due to the fact that wavelength is 
inversely proportional to frequency and to the 
fact that a precise relationship must exist be- 
tween the emitted wavelength and the length 
of the antenna. In conductors carrying high- 
frequency currents, voltage and current waves 
travel at speeds close to the speed of light. 
The characteristics of the manner in which 
these waves propagate are exactly the same 
as the elastic wave sent along a taut cable 
when the cable is moved at one end, as in Il- 
lustration 3a. This elastic wave, on reaching 
the fixed end of the cable, is reflected back- 
ward and will be superimposed on any other 


(they are used for radio communication 
with satellites), radio waves are re- 
flected by the ionosphere, the band of 
ionized air particles surrounding the 
Earth, and return to Earth far from their 
point of origin. Thus a radio station can 
be heard much farther away than a tele- 
vision station. The success of Marconi’s 
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full-wave dipole 


waves that may still be advancing. 

The same phenomenon occurs in antennas. 
If the length of the cable is a multiple of half 
the wavelength, the waves are reflected in 
such a way that the combined effect of the 
advancing and reflected waves gives rise to 
stationary waves, as in Illustration 3b. In this 
case certain points of the cable vibrate with 
the maximum amplitude (loops or antinodes), 
while other points, separated from the former 
by a quarter of a wavelength, will remain com- 
pletely stationary (nodes). The strings of musi- 
cal instruments vibrate in the same manner, 
and their resonance frequency determines the 
note that is emitted; the note varies as the 
length of the string is varied. 

Stationary waves are also made to occur 
in antennas. An open dipole, supplied with 
current from the center and having an overall 
length equal to half the wavelength of the 


stationary wave 


first transoceanic link was due to this 
property of the ionosphere, although the 
latter's existence was not even known at 
the time. 

Since then it has been established that 
there are, in effect, several reflecting lay- 
ers in that portion of the Earths atmo- 
sphere known as the ionospher: 
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applied frequency, has two current nodes at 
the ends, as on line I, and a voltage node at 
the center, as on line V, as shown in Illustra- 
tion 3c. If the dipole is as long as the wave- 
length, two current nodes will be present at 
the generator ends of the two branches as in 
Illustration 3d. Frequent use is also made of 
a dipole folded back to half a wavelength 
as in Illustration 3e. Here the current forms 
two nodes at the ends and is in harmony with 
both branches of the dipole, therefore giving 
greater emission. If an analysis were made of 
the values of the current at any given moment 
in one of the branches of an antenna as in 
Illustration 3f, it would be found that it is 
always zero at a node, as shown in Illustra- 
tion 3g. At a loop, on the other hand, the 
current oscillates between two maximum val- 
ues, one positive and the other negative, at 
the frequency determined by the oscillator. 


VARIOUS TYPES OF ANTENNAS—Antennas 
differ according to the frequency of the signal 
lo be radiated; the longer the wavelength the 
larger the antenna. 
ae in the case of long waves (Illustration 
; tor example, the antennas are formed by 
Conductors that may be several hundred 
meters in length and suspended by insulators 
On masts at given heights above the ground. 
h In the case of medium waves, on the other 
a metal masts are usually constructed as 
own in Illustration 4b. These masts are in- 
Sulated from the ground and their height cor- 


responds to about half the wavelength, that 
is, from 50 to 100 m (about 160 to 330 ft). The 
entire mast thus becomes a radiating element. 

Various antennas are used for the radiation 


of short waves. One, the Marconi-Franklin 
antenna, consists of a cable stretched hori- 
zontally between two masts and a conductor 
that descends from this cable, as shown in 
Illustration 4c. The conductor is divided into 
several sections, each of which represents a 
half-wave dipole. 

The wavelengths used in television and in 
FM (frequency modulation) broadcasts are a 


few meters or even a few decimeters in length, 
and the dipoles used are usually rigid con- 
ductors fixed to supports, as shown in Illus- 
tration 4d. To obtain the desired radiation 
conditions, a large number of dipoles must 
be used. These are placed side by side and 
superimposed on one another in such a way 
as to cover a given area; such an array is 
called a dipole curtain or screen. The char- 
acteristic cylinders found at all television trans- 
mitters are simply protective containers, made 
of plastic, that contain the dipole screens ar- 
ranged so that they face in every direction. 


DIRECTIONAL ANTENNAS—Dipoles do not 
radiate radio waves in one direction only, but 
essentially cover all the points of the compass. 
In the case of ordinary radio and television 
broadcasts, this widespread transmission is 
perfectly acceptable, but it does not meet the 
needs of a radio link between two specific 


points, as might be the case in the trans- 
mission of telephone communications or the 
distribution of radio or television programs to 
different broadcasting stations. 

This particular problem was solved by the 
discovery that electromagnetic waves are re- 
flected by metallic surfaces in conformity with 


the laws of optics. 

To illustrate by means of an automobile 
headlight, the filament of the headlight is 
placed at the focus of a parabolic reflector 
that receives the light and projects it forward 
in parallel beams. Similarly, if a dipole is 
placed at the focus of a metal parabolic re- 


flector as in Illustration 5a, the radiation 
emitted by the dipole will be reflected in one 
direction as parallel waves. Still another sys- 
tem can be used, particularly in the high- 
frequency range used for radio links. In this 
Case, instead of being converted into radio 
waves in the dipole, the energy of the high- 


frequency current is converted in the trans- 
mitter and then channeled toward the antenna 
through a well-finished and accurately aligned 
tube known as a wave guide. The wave guide 
acts much like a megaphone. The waves 
channeled into it are reflected from its walls 
and made to move forward, even along curved 


paths, in the desired direction. The guide ends 
in a flared opening (Illustration 5c) that pro- 
jects the waves in a single direction. A wave 
guide can also be placed at the focus of a 
parabolic reflector, as in Illustration 5d, project- 
ing the waves against the reflecting surface 
and concentrating them into parallel beams. 
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THE AUTOMOBILE | "rm 


THE STYLE CENTER—Style refers to the de- 
sign of the automobile body, which takes into 
account both aesthetic and functional demands. 
At the style center the rigorous requirements 
of the technical office concerning general di- 
mensions, the person-plus-baggage capacity, 


For many years the automobile has been 
the most widespread means of transpor- 
tation in North America and much of 
Europe; it has become in the past 50 years 
an essential part of men's lives. No longer 
considered a luxury, as it was until mass 
production and assembly-line techniques 
were developed, the automobile is now 
an irreplaceable ingredient in the daily 
lives of a great many people. 

Recently the small utility automobile 
has become increasingly popular. This is 
an inexpensive automobile—with low cyl- 
inder displacement and modest mainte- 
nance cost, but with enough rugged qual- 
ity and driving comfort for routine travel 
needs. Most European manufacturers 
have felt the need to plan and market 
such a vehicle. The competition they 


and mechanical characteristics are incorpo- 
rated into the model. Small plastic and wooden 
models are built to these specifications. The 
designs are then brought up to full size on 
large design tables. Illustration 1a shows the 
room where the plastic models are built. Some 


created in this area induced the automo- 
bile industry in the United States to fol- 
low suit. Thus the small utility car has 
been a significant factor in recent years 
in the continued growth of the automo- 
bile industry. Today, despite continuing 
cost increases, a car is made to fit virtu- 
ally every purse. 

Advanced construction techniques, the 
use of better materials, and the advent of 
automation have made possible the man- 
ufacture of medium-sized cars with cyl- 
inder displacements between 1,000 and 
1,500 cm” (about 60 and 90 in.?). These 
cars combine driving comfort and out- 
standing performance with economy of 
operation, thus making automobiles of 
this type somewhat more than utility cars. 
Until the 1960s, however, combinations 


models are in the constructior 


while 
others are finished and painted stration 
1b, designers are shown transfe he de- 
signs onto a large table and orating 
modifications. 
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of these desirable characteris! were 
found only in automobiles w large 


cylinder displacements. 

This article examines the development 
—from design to prototype to mass pro- 
duction—of a medium-sized automobile 
incorporating the aforementioned charac- 
teristics. 


SELECTION OF THE MODEL 


Selection of the model is the first planning 
step. It is a difficult and time-consuming 
operation, requiring many years of ex- 
perience, investigation, and research. The 
automobile industry cannot afford to take 
the risk of launching a car that does not 
win the favor of the consumer. Not all 
models, of course, are equally fortunate. 


THE Wi YNEL—The resistance of air to 
" body m through it increases in propor- 
on to tł are of the velocity. This resist- 
pee not limits speed, but also subjects 
e engir excessive strain. Increases in 
pas Meer nd fuel consumption result. An 
b i ynar body line, therefore, produces 
etter performance with less output of energy. 


Study of the aerodynamics of an automobile 
body is conducted in a wind tunnel. A current 
of air, created by a powerful fan, passes 
around a model of the car. Strips of cloth or 
other material are attached to various parts 
of the model, enabling engineers to evaluate 
the air currents that flow around the body at 
different air speeds. 


Not even the best publicity campaign 
can convince the public to buy an unat- 
tractive model, 

In the management of a large automo- 
bile plant, frequent meetings are held 
during which the leaders of planning, 
sales, technical development, and other 
functional sectors collaborate. These 
meetings review the results of studies and 
inquiries made periodically among con- 
Sumers, Here vital data furnished by 
dealers, who are in direct contact with 


buyers (and are, therefore, in a good 
position to evaluate the needs of the 
market), are also studied. Recommenda- 
tions and indicators provided by the na- 
tional automotive press constitute a valu- 
able source of information. The foreign 
press is also a valuable source of input— 
especially to the European and Japanese 
manufacturers, who look to the United 
States as an important market for their 


products. 
In evaluating and considering all of 
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the assembled data, automobile manage- 
ments invariably conclude that a new 
type of automobile must be built to re- 
place a model already heading toward 
obsolescence. They usually argue that 
the older model no longer satisfies the 
needs of the market. Once this decision 
has been made, the task of creating the 
new car is handed over to a newly formed 
projects program office. An engineering 
group outlines the complete plan for the 
vehicle, while designers and stylists be- 
gin their study of the problems surround- 
ing creation of a new car. This requires 
expert judgment, for the final product 
must reflect a blend of form and per- 
formance that will combine low cost of 
production with high consumer approval. 

The project is drawn up initially in 
broad general terms so that it is open to 
many modifications as it moves forward. 
Naturally more than one alternative is 
submitted. All proposals worth considera- 
tion then undergo an examination by top 
management, which ultimately selects the 
one plan that is judged the most likely to 
succeed, 


PHASES OF CONSTRUCTION: 
THE PROTOTYPE 


Once official approval has been received 
from management, the production team 
begins to concentrate on the countless de- 


BENCH TESTING—The newly designed engine 
undergoes rigorous bench testing. Moreover, 
it is made to operate hour after hour. All of its 
parts, therefore, are tested, retested, modified, 
and rigorously checked out. 


FABRICATION OF THE ENGINE—While the 
style center studies the car body, the experi- 
mental mechanical shop constructs the en- 
gine, following the project data from the 


technical office. The various par 
gine are constructed with hand 
chine tools. This is work of an a 
ter; it is entrusted to specialize 


un 


VIBRATION ANALYSIS—This apparatus re- 
produces normal conditions of use. The vibra- 
tions of the engine-power train group are 
charted to determine the frequencies of each 
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single component. This guarante 
nances are outside the operatio 
alternatively, that their amplitude 
aging. 


tails tha attention before produc- 


tion cai During this planning 
stage, cl tion is paid to economic 
conside: r example, adapting me- 
chanica! or elements already in 
producti ther models. Such adap- 
tations « large reductions in pro- 
duction nd greater performance 
because ts have been fully tested 
and are 1 efficiency. 

The 1 licate phase of the plan- 
ning op is establishing specifica- 
tions for igine and other mechani- 
cal parts ieers must determine, first 
of all, he ch power the engine must 
furnish normal operating condi- 
tions, A; ne lacking adequate power, 
for example, could prevent the attain- 
ment of carefully determined perform- 


ance requirements. Such a deficiency 
could create an unsafe or unsalable ve- 
hicle. The main factors that influence the 
amount of power needed are (a) the total 
weight of the automobile (inertia, which 
Opposes acceleration, is a function of 
weight, and weight also affects hill-climb- 
ing ability); (b) the rolling friction of 
the wheels on the ground; and (c) air 
resistance. 

The first two factors—those related to 
Weight and tire-to-ground friction—are 
easily predicted. Air resistance, however, 
must be determined experimentally. To 
this end, a small wooden model of the 
Vehicle is built exactly to scale and is 


FABRICATION OF THE BODY PANEL—Con- 
struction of the body panel—that is, the shell 
that constitutes the car's body—is another 
step in the creation of the prototype. Illustra- 
tion 6a shows several technicians working on 
various parts of the full-size wooden model of 


the car. The individual plates, which become 
the various elements of the body, such as the 
top (Illustration 6c), are molded by hand or by 
a tool called the plate press (Illustration 6b). 
The various parts are brought together and 
electrically welded (Illustration 6d). 
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tested in a wind tunnel. Under simulated 
road conditions, engineers attach pieces 
of tape over the entire surface of the 
model in order to study the wind tur- 
bulence and vortices that might cause 
resistance and inhibit the vehicle’s per- 
formance. The data gathered from these 
wind-tunnel experiments are relayed to 
the designers, who modify the design 
specifications until the best streamlined 
profile is obtained. 

At this point the modified model is 
retested in the wind tunnel and final data 
are fed into a computer. The computer 
then solves the problem of how much 
power the engine must develop for the 
vehicle to function at top efficiency. Sim- 
ilarly specifications are determined for 
the suspension, brake assembly, and 
wheel dimensions. At this point, the 
complete design is submitted to the ex- 
perimental department, which then under- 
takes fabrication of a prototype. Simul- 
taneously, another department researches 
and recommends the most efficient and 
economical method of production. 

Once assembled, the engine must be 
very finely tuned. Invariably, however, a 


THE ECHOLESS CHAMBER—The walls of this 
room are covered with a special material that 


TESTING IN THE LABORATORY — Numerous 
tests are made to simulate the conditions 


under which an automobile may be operated 
—whether on good or bad road surfaces. 


newly built engine reveals, during tests, 
performance characteristics clearly in- 
ferior to those originally planned. The 
engine must, therefore, undergo numer- 
ous modifications under a variety of con- 
ditions. For example, to eliminate carbu- 
retion defects, modifications may need 


eliminates echoes and permits technicians to 


record the slightest noise produced by the 


to be made in the design of the combus- 
tion chamber, the air intakes, or the ex- 
haust ducts; moreover, the air filter or the 
carburetor jets may require adjustment. 
Once these and other changes have been 
completed, however, the engine should 
develop its original potential. 


prototype. From the data yielded by such tests, 


improvements are devised. 
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In addition to the trials already de- 


scribed, bench testing also involves a 
severe endurance test, in which the en- 
gine iv {un for a thousand hours or more 
at fn ¿peed and is stopped only for a 
few í ks and tune-ups. After the test, 
whic responds to thousands of road 
mile engineers submit all data and 
mod: ons to the technical office, which 
com} ind evaluates the information. 
Wi e engine is being developed, 
the hı : also taking shape. A full-sized 
woot! odel is built. Design specialists 
then : » the dimensions of the body 
and : them on specification sheets. 
The 10, is often modified and im- 
provi 1g the course of its construc- 
tion. ompletion, the metal shell is 
paint unted on the chassis, and 
compl: »utfitted. This is the finished 
prototy several replicas of the proto- TESTING ON THE COURSE—All prototypes suspension; such a springboard cannot be 
type a ilt for testing. The tests con- undergo a long period of track testing under found on a normal road. Illustration 9c depicts 
sist of isive fatigue and endurance | widely varying conditions. Illustration 9a shows a prototype undergoing a stability test in which 
trials, > establish, if the model sat- | Me ford et salon 9 shows tne ep, a ot ot wl simulate «ga tind tng 
isfactor neets all of the performance 
require) 8 
Trial conducted, both on the road 
and in laboratory. From the data 
gathere: wing these tests, improve- 
ments ii prototype are devised. These 
prototy; we continually rebuilt until 
enginec: ve established that the car 
perform ctively. Safety problems are 
taken i onsiderations in all tests— 
the resi s to be a product that is not 
only eff but also adequately safe. 
Once tests have been completed, 
a pilot à bly line is established. To in- 
sure tha: new assembly line functions 
with the quired efficiency and preci- 
sion, co: action of a limited number 
of vehic is begun. These production 
vehicles, ¿bout 100 in number, serve for 
exhibitio purposes and for presentation 


to the authorities. During this prepro- 
duction stage additional modifications 
can still be made. Often the need for such 
modifications becomes clear only after 
assembly-line production has started. In 
addition, feedback from dealers, the 
Press, and the public may dictate modi- 
fications, 

Often—even after a year of normal pro- 
duction—the project cannot be called 
final in all respects. In fact, the automo- 
bile, just as any other industrial product, 
undergoes continual modifications while 
Temaining unchanged in its overall ap- 


pearance. Although these modifications 
are for the most part unapparent, they 
usually constitute continual improve- 
ment, 


GROWTH OF THE 
AUTOMOBILE INDUSTRY 


Because the United States offered the 
most favorable conditions for quantity 
production and sale of motor vehicles, 
it was the natural location for the first 


large-scale automotive enterprises. Henry 
Ford was the first figure to reach a dom- 
inating position in the industry, but the 
Ford story is exceptional No other 
major automotive concern grew as a uni- 
tary oganization, concentrating on a 
single model (in Ford's case, the legend- 
ary Model T). 

World War I had stimulated the growth 
of the automobile industry by providing 
a heavy demand for motor vehicles and 
other commodities that automotive plants 


25 


26 


THE CRASH—This is the most spectacular of 
the tests. Two cars, radio-controlled from a 
helicopter, are launched into a head-on col- 
lision, reproducing the conditions to which 
car and passengers are subjected in the most 
serious of automobile accidents. The test pro- 
vides an accurate measurement of the car's 
safety. 


could produce. Apart from the need for 
strictly military vehicles such as tanks 
and armored cars, the principal demand 
was for trucks. Automotive factories also 
made aircraft engines and parts as well 
as shells, gun mounts, and a variety of 
other military equipment, 

The decade of the 1920s saw the auto- 
mobile come into its own. In the United 
States the manufacture of motor vehicles, 
which had been too insignificant to be 
mentioned in the census of 1900, had now 
become the nation's largest industrial op- 
eration, absorbing 20 percent of the steel 
output, 80 percent of the rubber, and 75 
percent of the plate glass. The petroleum 
industry was geared almost completely 
to automotive requirements and the great 
increase in the number of motorists stim- 
ulated a program of extensive highway 
construction. 

Expansion presented some problems. 
With automobiles multiplying in number, 
a market in used cars developed to pro- 
portions that handicapped the sale of 
new vehicles. In order to keep production 
moving, manufacturers came to empha- 
size model changes, with their appeal to 
the customer to “keep in style." In addi- 


tion, installment selling was vastly ex- 
panded. For example, the General Motors 
Acceptance Corporation was founded as 
a mechanism to help dealers finance time 
payments for their customers, In the early 
days, manufacturers depended heavily 
on their dealers for financing; now, the 
relation was being reversed. 

A trend toward concentration in the 
automotive industry was revealed unmis- 
takably both in the ascendancy of the 
“Big Three" and in the persistent decline 
of the smaller firms even in the prosperous 
period of the 1920s. The number of com- 
panies engaged in automobile manufac- 
turing in the United States shrank from 
108 in 1923 to 44 in 1927. The smaller 
firms played an important role in the in- 
dustry in that they were more likely to 
introduce innovations than the big com- 
panies. Nevertheless, the independents 
by and large could not maintain them- 
selves against the advantages that large- 
scale techniques in production and mar- 
keting gave to the big companies. 

Elsewhere in the world, although 
American methods were widely admired 
and imitated, they could not be adopted 
in full. It was simply not economically 
feasible for European manufacturers to 
employ the elaborately specialized and 
expensive machine tools that American 
automobile factories used. In England, 
even the comparatively large-scale pro- 
ducer Morris Motors did not introduce 
the moving assembly line until 1934, 


THE IMPACT OF THE 
DEPRESSION 


During the prolonged, worldwide De- 
pression of the 1930s, automobile manu- 
facturers found themselves in the unac- 
customed position of facing a sustained 
decline in the demand for new cars. The 
most general consequence of the depres- 
sion for the automotive industry was the 
extension of governmental controls to an 
area that had long been a stronghold of 
laissez-faire. The industry's response to 
the depression was to cut costs (here the 
larger companies had a considerable ad- 
vantage in that the minor economies 
could add up to a substantial advantage 
for them) and to intensify sales efforts. 
Yet while production fell off drastically, 
automobile registrations did not; the 
motor vehicle was so thoroughly inte- 


grated into American life thz‘ - ven in the 
depth of the Depression pe held on 
to their cars. 

Of great significance wa nioniza- 
tion, with the full sympath support 
of the New Deal admini: ^, of an 
industry that had been « tely and 
even aggressively open s’ 

The predominant influ the De- 
pression on the American bile in- 
dustry was to confirm th. ! toward 
concentration. The "Big 7 rode out 
the storm, not without dit but cer- 
tainly with considerably han their 
smaller competitors. 

THE IMPACT OF 

WORLD WAR II 

The outbreak of war in ! rminated 
the situation in which ai bile pro- 
ducers had to contend w adequate 
demand. Instead, their ies were 
called on to work at full « to meet 
the requirements of mech warfare. 
The total contribution of iustry to 
the war effort can be ind by some 
sample figures: 2,500,000 6,000,- 
000 guns; 500,000 aircra! nes; 5, 
000,000 bombs and so fo "gh an 
extensive list to such item 10 mi of 
submarine nets. Automo! igineers 
and production men analy hniques 
of aircraft manufacture an ed along 
their experience in quantit; ; duction. 

The return of peace broug? with it a 
demand reminiscent of the : days of 
the industry, but in this cas: «used by 
the suspension of nonmilitary production 


over a period of years. It was a situation 
that attracted several newcomers into the 
field. Among the established automotive 
firms the process of concentration con- 
tinued. By means of mergers, a small 
number of independents survived, with- 
drawing from direct competition with 
the “Big Three” by offering smaller and 
more economical cars. These “compacts 
did so well that the “Big Three” were 
compelled to introduce small cars of their 
own. The swing of consumer preference 
to smaller cars was reflected also in sub- 
stantial buying of foreign cars, a situation 
that remains in force. American purchases 
provided a stimulus to the European 
automobile industry, and its expanding 
production was a major factor in the 
economic recovery of western Europe. 
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of rolling contact bearings 


The mos: monly used types of rolling 
contact, « tifriction, bearings are ball | 1 
and rolle rings. Some theoretical con- | THE EFFECT OF SPEED ON THE COEFFI- 
sideratio: discussed here as well as CIENT OF FRICTION—To obtain a better un- 
f Gon i : erstanding of the way in which rolling con- 
some o: arious des gns found in tact bearings reduce friction, it is necessary to 
these wic sed bearings. amplify earlier remarks on the coefficient of 
The p caused by friction be- | friction. Experience has shown that the co- 
k sae park macht S efficient of friction between two lubricated sur- 
tween t wo de ne cames 3572 || faces" In? motion with respect to each other 
common d bot e proper func- (between a shaft and an ordinary journal bear- 
tioning : e life of a machine are ing, for example), will vary considerably with 
to the way thi variations of speed. As indicated in the graph 
closely : o si ay ne problem shown in this illustration, the coefficient of 
is solved ure several types of fric- friction f has its maximum value under static 
tion, the mmon of which are slid- | conditions; it then decreases sharply as soon 
5 ict i rolli iction. . |as the surfaces begin to move and continues 
ing fria : Tong friction. In gen to decrease until a hydrodynamic fluid film is 
eral, slid tion is encountered more | formed and the two surfaces are no longer in 
frequenti; rolling friction in the case | direct contact. At this point the resistance to 
shi Chis "m motion becomes governed by Petroffs law 
of D NE ES form of friction can be | and the coefficient of friction begins to rise 
considera uced by lubricating the | very slowly. 
two surfac ; contact, but it can never In slider bearings, moreover, the coefficient 
beeli : of friction rises to high values when the low 
i ae ompletely. Moreover, the speed of the moving parts is supplemented by 
ubricant ither deteriorate in the | a big load that has to be supported by the 
course of ıd lose its properties (par- | bearing. A roller bearing, on the other hand 
ticularly it sali (apart from the fact that its overall friction 
h u E ity) or supply pressure | amounts, on the average, to about one tenth 
that wil ally become insufficient | that associated with a slider bearing), has the 
and thus longer be able to reach | considerable advantage that this friction may 
all the px the machine. 
Even f lubrication and accurate 
manufact the contact surfaces have 
been ina in some cases to guar- 
antee the bility of various parts of 
machines is shafts, which may not 
only have volve at high speeds but 
may be re d to do so under partic- 
ularly diffi oad conditions, 
The solu to this problem is offered 
by rolling act bearings. This type of 
bearing, wiv. makes it possible to re- 
place slidiny: ‘riction by rolling friction, is 
introduced between the two parts in 
order to reduve friction. Placing wooden 
or metal rollers under a heavy object to 


Moved, such as a packing crate or a 
block of stone, is an example of replac- 
ing sliding friction by rolling friction. 
The combined force of many men might 
be required to move such a load if it 
Were in direct contact with a surface; 
but with the help of rollers placed be- 
tween the load and the surface, fewer 
men are needed to perform this work. 
ls expedient, which may have been 
vented during the construction of the 
Egyptian pyramids, is the same as that 
Used in modem machinery. By means of 


AN INTERMEDIATE SOLUTION—A consider- 
able reduction in the friction between two 
surfaces can be obtained by placing rollers 
between them, as illustrated. In this case, the 
reaction of the lower surface becomes dis- 
placed through a distance u toward the right, 
while the reaction of the roller with respect 
to the upper surface becomes displaced 
through a distance u' in the opposite direc- 
tion; u and u' will be identical if the two sur- 
faces are made of the same material. Because 
the two reactions are inclined at the same 


fundamental principles and characteristics 


not only maintain a constant value irrespective 
of the variations of the speed, but may also 
tend to diminish as the load increases. 


angle ¢, the resistance to the motion will be 
the same as the one that would occur if the 
two surfaces were in direct contact and had 
a coefficient of friction equal to the tangent 
of the angle ¢. Since the displacement u of 
the reactions lies within the contact area of 
the rollers,, which is always very small, the 
resistance will also have a very low value and, 
in any case, will always be much smaller than 
the resistance that would be set up if the two 
surfaces were in direct contact. Rollers are, 
therefore, used to move heavy loads. 
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the interposition of rollers (whose prin- 
ciples are explained in greater detail in 
the caption for Illustration 1), the rela- 
tive motion of one surface with respect 


to another remains unchanged. For this 
reason, there is no disturbance in the 
functioning of the machine, and sub- 
stantial advantages are derived by re- 


BALL BEARINGS—The simplest type of anti- 
friction bearing is the radial ball bearing. The 
word radial here means that the load acts on 
the balls only in a radial direction from the 
shaft and does not have any thrust compo- 
nents in the direction of the shaft axis AA. The 
function of the balls is similar to that of the 
rollers shown in Illustration 2. A bearing of 
this type Is fixed to the shaft by means of the 
inner ring a and to the support or housing by 
means of the outer ring b. If the shaft exerts 
a certain force P on the bearing, this force 
will act in the indicated direction and will be- 
come distributed over the balls in the lower 
half of the bearing in the manner shown in 


placing sliding friction with rolling fric- 
tion. 

The most important factor is a very 
appreciable reduction of the friction due 
to the fact that the coefficient of rolling 
friction (in the case of ball or roller bear- 
ings) is very small (0.001 to 0.002), and 
much lower than the coefficient of the 
friction of the most efficient slider or jour- 
nal bearings even under optimum con- 
ditions of lubrication. Another factor is 
that the friction points are limited in 
number (depending on the number of 
balls or rollers in the bearing), whereas 
in the case of a journal bearing, a large 
contact surface is present between the 
shaft and the bearing. A further advan- 
tage is offered by the constancy of this 
coefficient of rolling friction. Illustration 
2 demonstrates that this coefficient of 


Illustration 3b, where the various balls support 
the partial loads q,, q» qa, and so forth. The 
balls in the upper half of the bearing, on the 
other hand, are not subjected to any load. 
However, the balls will be dragged along by 
the movement of the inner ring, which is fixed 
to the shaft, and in the course of their rotation 
they will go through alternate phases of being 
loaded and unloaded. The bearing will thus be 
subject to fatigue; its life depends on the 
amount and kind of load and on the fatigue re- 
sistance of the materials. This type of bearing 
is, therefore, always made of special steels 
with high fatigue resistance. 


friction will always have a very low 
value, even when the speeds are low, 
which is contrary to results in the case 
of sliding friction. Furthermore, even the 
load and the properties of the lubricant, 
two factors that are of decisive impor- 
tance in the case of sliding friction, be- 
come relatively negligible when dealing 
with rolling friction. The load influences 
only the dimensions of the bearing, which, 
provided it has been correctly designed 
for the work that the machine must per- 
form, can offer a length of life and a reg- 
ularity of operation that would hardly 
be possible with a friction bearing. An- 
other advantage of rolling contact bear- 
ings is that they do not create major lubri- 
cation problems; in fact lubrication is 
simple and cheap and requires few par- 
ticular technical precautions. 


SELF-ALIGNING BEARINGS— 
of bearings are manufacture 
by virtue of their form, thei: 
arrangement of their rolling 
the direction of the loads ' 
each type is specially design 
applications. Some of the mc 
are ball bearings, roller be: 
bearings; various types are d 
radial, and mixed loads. 

A special category is : 
aligning bearing, a type c 
the name suggests, permit 
ports to assume alignments 
a 90° axial direction—altho: 
such deviations is always rs 
bearings can be either bail 
in the latter case (Illustratioy 
rollers are spherical and m 
either one or two rows. The 
the concave grooves or rac 
date the rollers, while the s 
ring that is In contact with 
spherical section. This type 
dition to accommodating c 
loads, can also support axi 
although these latter are ger 
Such a bearing is particular 
ditions where the shaft may | 
from its correct axial alignr 
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alled self- 
19 that, as 
aft it sup- 
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ng contains 
accommo- 
the outer 
llers has a 
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COMBI). JURNALS AND THRUST BEAR- 
INGS— arings of the type shown in Il- 
lustratio st with much deeper ball races, 
can al port substantial axial loads. 
Straight bearings, on the other hand, are 
not ger suitable for supporting axial 
loads Ł their outer rings are often 
Shaped h a way as to permit the shaft 
some fr | of movement in the direction 
of its ov. The roller bearings of the self- 
aligning shown in Illugtration 4) are gen- 
erally c: e of supporting moderate axial 

All these properties are further en- 
hanced bv the accurate machining re- 
quired for rolling contact bearings, Even 


the loss due to the imperfect elasticity of 
materials does not have an excessive influ- 
ence on rolling friction; the materials used 
in the construction of these bearings have 
outstandingly good mechanical charac- 
teristics that reduce these losses to a 
minimum. Experience also shows that the 
Overall coefficient of friction in the bear- 
ing undergoes only small variations as a 
result of variations in the load; in fact, 
it has been found to decrease as the load 
increases, as long as the load does not 
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thrusts. In much machinery, shafts are often 
found where a considerable component of the 
bearing load is axial. In some cases this factor 
is greater than the radial component. The 
propeller shafts of ships are an example; they 
are invariably subjected to a strong axial load 
from the propellers they turn. In such cases, 
specially designed thrust bearings are some- 
times used, but far more frequent use is made 
of combined journal and thrust bearings de- 
signed for a combination of radial and axial 
loads. Two examples of such bearings are 


become excessively high. 

Rolling contact bearings, by virtue of 
the properties just explained, are advan- 
tageous when they are applied to ma- 
chines that have to operate at variable 
speeds or are subject to frequent stopping 
and starting. In the latter case, rolling 
contact bearings bring about a consider- 
able reduction in the phenomena associ- 
ated with starting friction. 

These bearings have considerable ad- 
vantages where lubricating conditions 
are particularly difficult. Certain types of 
bearings are completely sealed and dust- 
proof, making it difficult for impurities 


shown in Illustrations 5a and 5b: they can be 
either tapered roller bearings (where the 
groove is also tapered) or ball bearings, and 
are always shaped in such a way that the 
tapered surfaces of the rollers and the grooves 
meet at a single vertex on the axis of the 
bearing. This ensures that the movement of the 
rollers (or the balls) will occur without sliding. 
In Illustration 5c a typical application of this 
type of bearing is shown in automotive differ- 
ential gears. In this position the bearing is re- 
quired to support a considerable axial thrust. 


to reach the moving parts of the bearing. 
Conversely, it is equally difficult for the 
lubricant to leak from the bearing. These 
are some of the reasons why these rolling 
contact bearings are used in automobiles, 
airplanes, construction and farm equip- 
ment, and in many other types of ma- 
chines. 

The cost of rolling contact bearings ob- 
viously is greater than that of slider bear- 
ings, but the advantages derived from 
their use more than compensate for the 
greater expenditure, The principal prop- 
erties of these bearings are also discussed 
in the illustration captions. 
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THE BLAST FURNAGES a" 


The blast furnace is the chief means of 
reducing iron ore to cast iron, a process 
carried out at high temperatures and in 
the presence of a fluxing substance. The 
first blast furnaces were developed toward 
the end of the eighteenth century. Since 
then, continual modifications have been 
made to the basic design. With differing 
degrees of effectiveness, these modifica- 
tions have contributed to the function of 
the furnace. The present-day shape of 
the blast fumace was developed in the 
United States around 1930, when experi- 
menters found that increasing the size 
of a furnace resulted in a clearly superior 
output, no matter what fuel was used. 
A modern blast furnace may be about 
35 to 40 m (about 115 to 130 ft) high 
and of varying diameters. It consists of 
three main sections that rise from the fur- 
nace base in the following order: the cru- 
cible, or hearth, in which molten iron is 
accumulated; the bosh, or belly-the 
hottest part of the furnace—where com- 
bustion initiates; and the stack, which 
rises to the top of the furnace where a 
double-bell-shaped construction serves as 
an air lock for hot gases and as an en- 
trance point for introduction of materials 
during operation. The length of the fur- 
nace is lined with firebrick and the out- 
side is covered with steel and iron plate. 
Near the top of the crucible a large hot 


BLAST FURNACES—These are the first three 
furnaces of a large ironworks. The one in the 
middle is in the casting phase; the steam ris- 


air pipe encircles the furnace and con- 
tinuously supplies the forced air needed 
for combustion. 


OPERATION 


The furnace is first charged with alter- 
nate layers of coke, ore, and limestone 
through the top of the stack. The coke 
is ignited at the bottom and is rapidly 
burned under the forced air. As the coke 
is burned away, the material moves down 
the stack toward the belly and crucible. 
The stack is kept full by fresh charges of 
material admitted through the bells on 
top. The net effect is the conversion of 
the ore into liquid iron in the hearth, 


with slag consisting of the limestone flux _— 


and the ash from the coke—together with 
other compounds formed during combus- 
tion—floating in a molten state on the 
iron. As the hot gases rise up the stack, 
they heat the fresh charges coming down 
and then pass out of the furnace into 
purifying equipment. These gases have 
fuel value because of their carbon mon- 
oxide content, so they are cleaned and 
then used in the furnace's auxiliary 
system. 

Today's blast furnace is thus the center 
of a complete cycle of work and opera- 
tions, supplying, respectively, a constant 
hot air source and its own sources of elec- 


ing up from its base is caused by the cooling 
of the slag. 


CROSS-SECTION OF A BLAST ~URNACE— 
a) interior 

b) slag level 

c) stoves 
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trical energy for operation of its necessary 
auxiliary system (engines, blowers, and 
heaters, and so forth), 


CONSTRUCTION DETAILS 
AND AUXILIARIES 


The blast furnace rests on a large, sturdy 
foundation. The base block is usually 
elevated about 3 m (about 10 ft) above 
the ground. Sturdy metal columns hold- 
ing up the furnace rest on this base. 
The stack is enclosed by metal plates 
and strong iron hoops. The steel plating 
of the crucible is about 60 mm (about 
2.5 in.) thick; the stack is constructed 
of plate steel about 25 mm (about 1 in.) 
thick. These thicknesses are required be- 
cause of the high temperatures, weight of 
materials, and strong internal pressures to 
which the walls are subjected. Even then, 
the walls must be cooled when the fur- 
nace is in operation. The stack is cooled 


with water conducted through cast iron 
conduits set into the walls themselves. 
The crucible and belly of the furnace are 
cooled by jets of water played on their 
outer surfaces. Cooling requires as much 
as 2,500 1 (about 2,270 gal) of water per 
minute. 

The hot air blast needed for coke com- 
bustion is forced into the furnace through 
a series of copper nozzles (also cooled 
by water) that enter immediately under 
the belly where it joins to the crucible. 
The air reaches these nozzles through a 
metal tube lined on the inside with fire- 
brick. Enormous volumes of air are re- 
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A BLAST FURNACE—From the loading level 
a, raw materials are conveyed in skips b to 
the mouth of the furnace c; there they are dis- 
tributed evenly along the inside by the bell d. 
Double closures trap the gas products of 
the furnace and permit them to be passed 
through pipes e to the dust catchers. The 
massive foundation f supports the weight of 
the entire structure. Cast-iron conduits g cir- 
culate cooling water around the outside of the 
stack. The bustle pipe h feeds air to the hot 
air nozzles i, providing oxygen for combustion 
in the furnace. The photograph shows the col- 
lecting tubes for gas from the furnace and the 
dust catchers that clean the air before its 
passage to the stoves. 
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quired—3,200 m? (about 113,000 ft*) per 

í ton of iron produced. A daily production 
| ‘ ] of 750 tons of iron requires 2,400,000 m" 
(about 85,000,000 ft?) of air—3,090 metric 

tons. This mass of air is produced by a 
turbine and blower and is circulated 
rapidly. After being heated to 600 to 


ca = 800° C (1,112 to 1,472° F) the air perco- 

T. i lates through the many small interstices 
i existing in the mass of raw materials in 

N EXE f the furnace. A series of stoves is used 


to heat the air to high temperatures (see 

WD Illustrations 6 and 7). 
S Te The raw materials (coke, ore, and lime- 
a stone) are weighed and then conveyed 


to the top of the furnace by small cars 
(called “skips”) along an inclined two- 
rail track, The skips are emptied onto the 
revolving bell (shown in the cutaway 
drawing in Illustration 2). The bell dis- 
tributes the material. 

Until the middle of the last century, 
the mouth of the furnace was open and 
gas products were dispersed into the 
atmosphere. Since that time, however, 
Special devices to collect and channel the 
gases have been developed. These permit 
the use of thermal energy from the hot 
Bases and reduce the contamination of the 
atmosphere otherwise produced. Modern 


blast furnaces also have automatic de- 
vices with double closures that not only 
convey the gases to heat regenerators 
but also impede their escape from the top 
of the stack during loading. These gases 
are passed through dust catchers and the 
cleansed gas is used for heating the air 
in the stoves. 

The refractory materials used in vari- 
ous parts of the furnace must resist high 
temperatures and chemical reactions, as 
well as abrasion from the tons of raw 
material descending the stack. The most 
common refractory material used is a 
firebrick of an aluminum oxide type. 


SIDE VIEW OF A MODERN BLAST FURNACE 
—The blast furnace is composed of a cylinder 
called a crucible a at the base of the construc- 
tion. On top of this is an inverted cone called 
the belly, or bosh b; its walls may have incli- 
nations varying from 76? to 80°. The stack 
rests on the belly. It is composed of three 
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parts: a lower cylinder c, a central-trunk-cone 
d, and an upper cylinder e. 

The ore, coke, and limestone enter the 
mouth of the stack, and liquid iron—the end 
product of the furnace—comes out of the 
crucible. The shape of the furnace corre- 
sponds to its function. The load meets a rising 
column of hot gases as soon as it enters 
the stack, and, heating during its descent, 
progressively increases in volume. At a cer- 
tain temperature the chemical reactions be- 
tween the minerals, burden, and coke begin. 
The mass of materials is partially smelted. 
The coke is changed into carbon monoxide 
and pushed toward the top by the air blast 
with increasing speed—to ensure this the cyl- 
inder section of the stack becomes narrower 
with increasing height. On the average, a 400- 
ton blast furnace is 26 m (about 85 ft) high 
with a diameter of 7 m (about 23 ft). 
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THE COWPER REGENERATIVE STOVE — The 
Cowper stove (illustrations 6 and 7) is made 
up of a large, sheet-steel cylinder, with an 
average diameter of 7 m (about 23 ft) and a 
height of 34 m (about 112 ft), enclosing a com- 
bustion chamber and a chequer chamber. The 
chequer chamber consists of a series of verti- 
cal ducts of different sections composed of 
firebrick arranged according to type. The stove 
operations are divided into two main phases 
(see Illustration 7): 

1. The heating phase. The air blast valve A 
and valve G (for purified gases coming from 
the furnace) are opened. These gases are 
burned at the base of the combustion cham- 
ber (or well) P and then conveyed to the 
cupola of the stove. From here they descend 
through many ducts in the chequer chamber, 
thereby heating it. On reaching the bottom 
they enter the collecting chamber C, pass 
through valve H and tube T to the chimney 
flue, and are expelled. 

2. The cooling of the apparatus and heating 
of the air blast. Valves G, A, and H are closed 
and the compressed air valve S is opened. 
The air travels from the base toward the top 
through the ducts and, on reaching the cupola, 
descends to the combustion chamber. Then, 
from valve R, the blast is directed to the 
hot air blast main that distributes it to the 
blast furnace nozzles. 
6 
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At least two stoves are required for every 
blast furnace, as they are operated alternately 
in order to ensure a continuous air blast from 
one during the heating of the chequer cham- 
ber in the other. 


THE CHEQUER CHAMBER—This chamber is 
made up of a series of vertical ducts divided 
into different sections. It is constructed of 
firebricks that are resistant to high tempera- 
tures and pressure. One of the main elements 
in these bricks is alumina (aluminum oxide), 
which has a high melting point. The higher 
the temperatures to which the bricks are to be 
exposed, the greater the quantity of aluminum 
oxide used. The bricks in the top part of the 
chamber contain up to 40 percent aluminum 
because the temperatures here reach 1,000 
to 2,000°C (about 1,832 to 3,632°F). The 
most common bricks in the chequer chamber 
are rectangular and are arranged so that the 
vertical ducts have square segments (Illustra- 
tions 7a and 7b). Other types of chequer 
bricks have polygonal or round holes (Illus- 
trations 7c and 7d). 
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THE CAMERA—I 


Today, photography has invaded all fields 
of human business and leisure activity. 
Objects that cannot be seen can be photo- 
graphed; light from distant stars can be 
captured on film even though the naked 


THE PHOTOGRAPHIC LENS—A photographic 
lens must have certain characteristics that are 
different from the lenses of other optical in- 
struments. Single-element lenses are seldom 
used in cameras; therefore, the illustrations 
refer to multi-element lenses. 

The most important characteristic of a pho- 
tographic lens is a good resolving power. The 
resolving power of a lens is defined as the 
number of lines per inch that it can reproduce 
photographically. Resolving power should be 
well defined at the edge as well as along 
the axis of the field. Illustration 1a indicates a 
mosaic pattern that is well resolved along the 
axis of the field but is poorly defined along 
the edges. The resolving power of the lens 
should be as uniform as possible. The photog- 
rapher should be aware of the resolving power 
of the lens he is using, and he should use film 
with grain proportional to the resolved lines. 

The luminosity of a photographic lens is de- 
fined as the ratio of the diameter of the lens 
to the focal length (Illustration 1b). This ratio 
is commonly called the f-number of the lens. 
For example, a lens with a diaphragm aper- 


and accessories 


eye cannot detect those stars. Photog- 
raphy is a very important tool of science. 
It has successfully been adapted to the 
fields of medicine, natural history, physics, 
electronics, astronomy, and chemistry. 


ture of 12.5 mm and a focal length of 50 mm 
has a luminosity value or f-number of 1:4. 
This is often written in print as f/4, which sim- 
ply indicates that the focal length is four times 
the diameter of the lens aperture. By using 
the right lenses, a photographer can obtain 
luminosity values of nearly one-to-one, or f/1. 
The most common luminosity values for lenses 
are usually smaller, however—about 1/2.8 or 
1/3.5. The typical box-type camera has a lumi- 
nosity value of about 1/8 or f/8. 

The luminosity value is very important in a 
camera for general use. A high luminosity value 
is necessary for the admission of enough light 
during the brief exposure of a rapidly moving 
object or for normal exposures with film of 
low sensitivity. A high luminosity value often 
reduces the resolving power of the lens. 

Illustration 1c indicates a blending of the 
lines near the edge of the image—this is the 
result of a decrease in resolving power. The 
resolving power can be increased by lowering 
the diameter; this, in turn, lowers the lumi- 
nosity value for the lens. 

A good objective lens must be both lumi- 


basic components 


The field of photogr: has recently 
been expanded to inch holography, 
which uses laser light to — -oduce three- 
dimensional reproductio: >f objects. 


A camera has been de d for nearly 


nous and well resolved across the widest pos- 
sible field. The field of a lens is defined as 
the maximum angle measured between the 
axial line and the line which describes the 
cone of tolerable aberrations. In Illustration 
1c, the circle of well-defined lines is the base 
of the cone of tolerable aberrations, and the 
angle of the field is measured as indicated. 

Luminosity, resolving power, and field are 
three lens characteristics that interfere with 
one another. Building a good lens is a process 
of compromise, because the three character- 
istics must be weighed and compensated. If 
high luminosity and good resolving power are 
to be incorporated into the same lens, many 
individual lens elements may have to be used. 
Seven or more elements are common in good 
photographic lenses. 

A good lens must have perfect chromatic 
correction. This correction must also be 
adapted to the type of film used. An ortho- 
chromatic film that is insensitive to red light 
requires lenses that bring violet and yellow 
light to a sharp focus. Panchromatic and color 
films are sensitive to the entire visible spec" 
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every photographic situation, Cameras 
are used by individuals who have little or 
no knowledge of their operation; indeed, 
today a small child can use many of the 


modern cameras to produce good photo- 
graphs. 
The basic p uciple behind the camera 


is simple: is focused on photo- 
graphic fili: e camera is the device 
GARE OMS 


trum of light and require lenses that have been 
achromaticized-—that is, they will focus light 
from the entire spectrum. This is often accom- 
plished by using very thin coatings on the 
Surfaces of the lens elements. 

The incisiveness of a lens is its ability to 
reproduce the sharp contrasts of subjects un- 
der different lighting conditions. Portrait lenses 
Usually have a lack of incisiveness designed 
into them. Extremely sharp portraits are not 
Pleasant to the eye, and people prefer a por- 
trait that has a degree of blend to the lines. 
pshica photography requires maximum in- 

feness to i iti f the 
subject. insure proper rendition of 

Illustrations 1d and 1d' show two examples 
of depth of field with the same lens and sub- 
lect, A large aperture was used in the first 
photograph (Illustration 1d), and this caused 
à ees in the background to appear fuzzy 
id lurred. The second photograph (Illustration 
in ) was taken with a small aperture, which 
we pased the depth of field; the objects in 

€ background were brought into sharp focus. 


TYPES OF OBJECTIVE LENSES — Objective 
lenses for photography are divided into three 
general classes: normal, wide-angle, and tele- 
photo. Lenses with focal lengths that are the 
Same as the diagonal measure of the film 
format are normal lenses. Those with focal 
lengths that are appreciably longer than the 
diagonal of the film are called telephoto 
lenses, and those with focal lengths that are 
less than the diagonal of the film are referred 
to as wide-angle lenses. 

Illustration 2a is a cross section of a normal 
Planar lens; Illustration 2a! is a front view of 
a camera with such a lens. The luminosity of 
the lens is indicated on the front, 1:2.8, indi- 
cating that the maximum aperture for the lens 
is f/2.8. The focal length is also shown as 
f = 80 mm; this indicates that the focal length 
of the lens is 80 mm. This particular camera 
has a film format that is 60 mm X 60 mm 
Square and has a diagonal measure of about 
85 mm. The 80-mm focal length lens is about 
the same as the diagonal of the film format, 
and the lens is considered a normal lens for 
the camera. 

Illustration 2b is a diagram of a simple tele- 
photo lens; lens c' causes parallel rays of 
light to focus at the point F’. Such a lens and 
its housing must be quite long and cumber- 
some. The focal length of a lens may be large 
but not physically cumbersome if .a convex 
lens with a shorter focal length is followed by 
a concave or diverging lens. Lens c causes 
parallel incident rays to come to focus at the 
point F. The diverging lens D causes these 
rays of light to come to focus farther behind 
the lens and at the point F'. The focal length 
of lens c is indicated by the letter f and the 
focal length of the lens c' as well as the c-D 
couplet is indicated by the letter (f^). The c-D 
couplet of convex and concave lenses has the 
same focal length as the lens c' alone, but it 
is much shorter in physical size. 

Most telephoto lenses are designed like the 
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one diagramed in Illustration 2c. The focal 
length of the complex multi-element lens is 
the same as the lens placed at the left of 
the drawing. The effective focal length of the 
convex or converging lens is lengthened by 
the concave or diverging lens placed at the 
right in the illustration. 

The telephoto lens shown in Illustration 2d 
has a focal length of 250 mm and is designed 
for a film with a diagonal measure of 85 mm. 
The lens is one of the family of telephoto 
lenses. This particular lens has a luminosity 
value of 1:5.6 or f/5.6. 

A lens with a focal length less than the 
diagonal of the film format is called a wide- 
angle lens (Illustration 2e). The design of a 
wide-angle lens is somewhat different from 
that of the typical telephoto lens. It is usually 
formed of a group of converging or convex 
lenses that are arranged symmetrically about 
the center of the lens. The lens depicted here 
is a Hypergon type with a field angle of 509 
and a luminosity of 1:6.3 or f/6.3. 

Telephoto lenses with extremely long focal 
lengths and modest size often utilize mirrors 
in place of lenses. The telephoto lens shown 
in Illustration 2f has a great luminosity and 
a focal length of 1,000 mm. 

The Super-Angulon lens (Illustration 29) has 
a luminosity of 1:8, which indicates that the 
maximum aperture diameter is one-eighth of 
the focal length. The focal length is listed as 
121 mm, indicating that the maximum aperture 
is about 15 mm. 
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THE ICAL CAMERA—This cutaway dia- 
gram camera shows all of the essential 
fixed moving parts. Many cameras are 
more mplex than the 35-mm instrument 
shown the illustration, and many box-type 
cameras are much simpler in construction. 
The iens a of the camera shown in the illus- 


tration actually consists of four glass lenses 
that work together as one unit. The most sim- 
ple camera uses only one convex or converg- 
ing lens, and the first cameras employed a 
Simple pinhole as a lens. The purpose of the 
lens is to gather the light reflected by the 
Subject and to focus it on the film. 

The entire camera is a light-tight enclosure 
b, which serves to keep light from reaching 


that controls the process. The following 
parts are basic to a camera: 
1. A light-tight enclosure 
. Photographic film 
. Lenses 
- A diaphragm 
. A shutter 
. A film-transport mechanism 
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the film. The light-tight enclosure also houses 
the mechanical parts of the camera. 

The film b shown in the illustration moves 
between two spools located at the extreme 
left and right of the camera. The portion of 
the film that is to be exposed rests on a 
pressure plate c at the back of the camera. 
Cameras vary in their method of transporting 
the film. 

The diaphragm d is used to limit and con- 
trol the amount of light reaching the film and 
to control the depth-of-field. 

The shutter e admits the light to the film 
during an exposure. Most cameras have ad- 
justable shutters that will allow variations in 
exposure time. 


Modern cameras possess all these basic 
parts, but they differ greatly in their de- 
sign and construction. Many accessories 
are also used with cameras to permit 
their application to special purposes. 

This article describes the working parts 
of the typical camera and concentrates 
on the objective lens systems. Normal, 


The film sprocket f is used in transporting 
the film in the camera. It assures proper move- 
ment of film between exposures, and it is usu- 
ally connected to a mechanical counter, which 
indicates the frame being exposed. 

The focusing lever g is used to move the 
lens back and forth in front of the film to 
insure proper focus on the film. 

The integral parts shown in the illustration 
are designed differently in other cameras; 
however, their functions remain the same. 
Other features are often incorporated -into 
cameras to improve their effectiveness and 
ease of operation. The lens offers the widest 
degree of modification and is the concern of 
subsequent illustrations. 


wide-angle, and telephoto lenses are also 
discussed, and a brief explanation of 
camera accessories is given. 

Modern trends in cameras are toward 
compactness, automatic handling, and 
simplicity so that successful operation is 
not dependent upon the judgment of the 
amateur photographer. 
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LENS ACCESSORIES—The camera used by a 
professional photographer has a large com- 
plement of objective lenses, which allows the 
camera to be used for many photographic 
assignments. Each lens often has a complete 
set of accessories to equip it for a particular 
function. The most common lens accessories 
are the sets of focal-length adjusting lenses, 
which adjust the focal length of the camera 
lens to allow it to function at different subject 
distances. Close-up attachments are of this 
type. Illustration 4a shows such a lens in its 
mounting. In Illustration 4b, the object is too 
close to the camera, causing the image to 
focus behind the film plane. In Illustration 4c, 
the close-up lens is added to the front of the 
camera and shortens the focal length of the 
lens, allowing the object to form an image on 
the plane of the film. Other such lenses can be 
used to extend the focal length of a camera 
lens. 

In portrait photography it is often desirable 
to shade the sharp contours of the face. The 
incisiveness of the lens can be reduced by 
using a glass filter with an undulated surface 
(Illustration 4d). The light ridges of the surface 


are visible in the illustration. The surface of 
the filter allows part of the light from the sub- 
ject to come to a sharp focus and other parts 
to focus in an irregular manner. This gives the 
desired effect for portrait photography. 

Color filters are other important lens ac- 
cessories. They are made of colored glass or 
a layer of colored gelatin between two pieces 
of glass. Illustrations 4e and 4f show colored 
filters used for photography. Color filters are 
designed for either color or black and white 
film, and few filters designed for one type of 
film can be used for the other. A red filter is 
often used with black and white film to en- 
hance the contrast of clouds and buildings. 
A yellow filter is often used for distant photo- 
graphs, because it causes a reduction in the 
effect of haze and smoke. Colored filters for 
black and white photography tend to lighten 
portions of the subject that are of the same 
color as the filter and tend to darken those 
portions of the subject that are of other colors. 

An ultraviolet filter is used with color film 
on extremely clear days and at high altitudes. 
Most color film is designed for a low amount 
of ultraviolet light, and the filter is used to 
compensate for these unusual conditions. 
Color-correction filters are often used with 


color film in the early morning or late evening 
when the sun is low in the sky. At (hese times 


the light from the sun penetrates more atmo- 
sphere and much of the blue is removed. Color 
films are also designed for the ty; lighting 
used. A type of film is designed f ach type 
of lighting—one for outdoor sun one for 
electronic flash, and several for ci nt types 
of incandescent lighting. Color ting fil- 
ters are necessary if film desi ior one 
type of lighting is used with ar type of 
lighting. 

Illustration 4g shows a polari ter de- 
signed to be used in front of the a lens. 
A polarizing filter is designed ;olarize 
light—that is, it allows light i! ; been 
polarized to pass only if it is tv ! such 
a manner that the light polariza! > iden- 
tical. Light that is reflected fror ace is 
polarized to some degree. The p g filter 
is used to control such light. Re' 5 from 
the surface of the water on a cle usually 
make it impossible to photograp! ject in 
the water. A polarizing filter is us nit the 
reflected and polarized light. Ti arizing 
filter also is used with color fi cause 
clouds to show more clearly ac a blue 


sky. 


THE G AMER AII | mechanics of operation 


Cam: vary from simple, inexpensive 
devi for home photography to ex- 
trem complex instruments designed 
for s fic professional purposes. Under- 
wate otography, for example, presents 
spec roblems. For taking pictures un- 
der cameras are made with water- 
prov usings and flat glass plates in 
from the lens. Artificial light sources 
also be enclosed in watertight hous- 
ings must be able to withstand pres- 
sure sociated with depth, However, 
all ras are much alike in basic de- 
sign camera consists of a light-tight 
enc e that allows light from a lens to 
foc: film placed on the side opposite 
the rture. 

N devices are used for focusing the 
ima: of the object on the film. Because 
the » cannot be exposed to light except 


photographing, all types of focus- 


dui 


FOCUSING WITH GROUND GLASS—Focusing 
is one of the fundamental adjustments that a 
serious photographer must make before taking 
a photograph. The image of the object must 
be sharply focused on film if a photograph of 
good quality is to be produced. The illustration 
shows a professional view camera as it is 
being focused. Although such cameras are 
used in many professional studios, they are 
too cumbersome for candid photography. 

The view camera consists of two rec- 
tangular frames separated by a light-tight ex- 


ing must be indirect-the photographer 
is not allowed the convenience of focus- 
ing directly on the surface of the film. 
Precision focusing is quite important to 
the photographer, and the cost of the 
particular camera frequently depends 
upon the method that is provided for 
focusing. 

Simple fixed focus cameras have no ex- 
ternal focusing mechanism. The lens is 
focused at the parafocal distance, which 
is about 10 ft for the typical camera, and 
objects placed at distances from about 5 
ft to infinity are in reasonable focus. For- 
tunately, fixed focus cameras also employ 
small lenses that greatly increase the 
depth of field, thus allowing many good 
photographs to be produced without 
focusing. 

Adjustable-focus cameras are much 
more complex and, hence, more costly. 


pandable bellows. The front frame is fitted 
with the lens and shutter assembly, while the 
rear frame holds the film to be exposed. Dur- 
ing the focusing operation a sheet of frosted 
or ground glass Is inserted in exactly the same 
position that the film will take during the ex- 
posure. The focusing operation involves mov- 
ing the lens frame back and forth until the 
image is sharply defined on the ground glass. 

Focusing is usually completed with the aper- 
ture of the lens in the extreme open position. 
This minimizes the depth of field and allows 


The sheet film used in view cameras can 
be removed to allow the photographer 
to focus on a ground glass placed in the 
proper position. Reflex cameras use a 
mirror to divert light from the lens to 
be focused onto a ground glass, thus en- 
abling the photographer to focus the 
camera, 

An external range finder is used in 
other cameras; with this device a photog- 
rapher can use triangulation to locate the 
distance to the object. The camera can 
then be focused by external markings on 
the camera lens. In still other cameras 
the external range finder is coupled to 
the focusing mechanism of the camera so 
that as the photographer locates the 
image, the camera is automatically fo- 
cused. The following illustrations indi- 
cate several methods and devices used in 
focusing. 
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the focus to be quite sharp. The aperture is 
made smaller during the exposure of the film, 
which increases the depth of field and allows 
the subject to be in sharper focus. 

Illustration 1a shows a view camera on its 
stand. The lens and shutter assembly a are 
at the left while the ground glass and the 
frame that holds the film b are shown to the 
right. Illustration 1b shows the image of the 
flowers on the ground glass. Not only is the 
image of the flowers inverted, but the back- 
ground is slightly out of focus. 


VIEW CAMERA FLEXIBILITY—The view cam- 
era can be readily adapted to compensate for 
photographic assignments involving intricate 
focusing. The lens assembly and the film hold- 
ing assembly of a professional view camera 
can be adjusted in many ways in addition to 
the typical back and forth focusing. Because 
not all portions of an object to be photo- 
graphed are the same distance from the cam- 
era, the plane of the film should be at different 
distances from the lens of the camera. 

The view camera has the added flexibility 
of complete freedom of movement. The front 
and back frame of a view camera can be 
swung from side to side, tilted up and down, 
and moved parallel in either direction. Combi- 
natlons of these movements, along with the 
more typical back and forth motion, are em- 
ployed in photographing a difficult subject. 

If the camera is placed so that it and the 
building to be photographed are parallel (Il- 
lustration 2a), the photographer will find it 
impossible to focus the entire building. 

If the camera is tilted upward (Illustration 
2b), the entire building can be photographed, 
but only with much distortion. This distortion 
is due to the fact that the upper portion of the 
building is farther from the camera and comes 
á to a sharp focus at a different position from 

the lower part. 

Miustration 2c shows the distortion of the 


tall building when it is photo 
conventional camera tilted up 

The solution to the focusing 
problem involves raising thc 
with respect to the film plane ( 
Both frames and the building 
parallel for the photographic « 

Illustration 2e shows the rest 
nique indicated in Illustratio 
glass focusing is indispensable 
tographs of this type. 

Extreme differences in distar 
in a photograph of the long c 
building (Illustration 2f). The pi 
camera come to focus outside t! 
film. All the pillars are at progre 
distances from the camera, an 
focus is at distances nearer t 
resulting photograph (Illustrat 
the lack of detail achieved wi 
tional camera. 

The long colonnade can be 
tographed with a view camera 
back frame are allowed to swin 
such that all portions of the c 
to a sharp focus on the plane 
lustration 2h). 

The photograph shown in 


was taken with a view camera t 
focused properly. All portions c 


nade are in sharp focus. 
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part of the camera or an accessory. 

Illustration 4a shows a range finder assem- 
bly mounted on top of a camera. The photog- 
rapher can use the device to determine the 
distance to an object and then set the focus- 
ing system on the camera for the proper dis- 
tance setting. 

The range finder in Illustration 4b is on 
the side of the camera and is coupled to the 
focusing system of the camera. As the pho- 
tographer determines the distance with the 
range finder, the mechanism simultaneously 
focuses the camera. Only one adjustment is 
required for determining the range and focus- 
ing the camera, which adds greatly to the 
convenience of the camera. 

The range finder works on the principle of 
triangulation (Illustration 4c). Two mirrors are 
used to view a distant object. If the object 
were at infinity, the rays of light would be 
parallel. If the object is close to the range 
finder, the rays of light converge. The degree 
of convergence can be calibrated to indicate 
the distance to the object. 

Mirror b in the illustration is partly silvered 
So that a part of the light reaching it is re- 
flected, and part of the light is passed on 


SIMPLE FOCUSING CAMERAS — Most inex- 
pensive cameras have a simple focusing Sys- 
tem. Often, a metal ring around the lens is 
etched with numbers indicating the distance 
to the object. The metal ring is mechanically 
Connected to the lens mount in such a way 
that it moves the lens back and forth in front 
of the film as it turns. The distance marks on 
Such a camera usually range from four feet 
to infinity. As a distance mark coincides with 
a fixed mark on the camera, any object at the 
indicated distance is in sharp focus on the 
plane of the film. 

Although simple, this lype of focusing is 
often inconvenient if the distance to the sub- 
ject is not known. Another drawback to the 
simple focusing System is the impossibility of 
photographing objects that are Quite close. 
Near objects require that the lens of the cam- 
era be moved to a position so far in front of 
the film that more than one turn of the focus- 
ing ring would be required, which would un- 
duly complicate the focusing system. 


4 through the mirror. Mirror c is completely 
RANGE FIND he range finder consists to determine the distance an object is from silvered so that it reflects all the light striking 
of a set of r enabling a photographer a camera. A range finder may be an integral it. The glass filters a are used to give a tint 
a to the light passing through them. As light 


from a distant object enters the illustration 
from the right, it is either reflected to mirror 
b or passes directly through mirror b. The 
ray of light reflected from mirror c to mirror 
b will only coincide with the light passed 
through mirror b if the alignment is proper. 
If the alignment of mirror c is controlled bya 
knob that has been calibrated, the exact mea- 
surement can be indicated. 

A photographer sees two images when he 
looks into the range finder. One of the images 
is tinted due to the colored filter placed in the 
ray of light. To determine the distance to the 
object, the photographer turns the adjustment 
knob, which in turn moves the mirror to the 
position in which the two images coincide. 
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THE VIEWFINDER—The viewfinder is an ex- 
ternal device often used on cameras without 
ground glass focusing, to allow the photog- 
rapher to exactly frame the photograph. Al- 
though the viewfinder does not aid in focus- 
ing, the focusing is required for its proper 
operation. 

The viewfinder shown is adjustable for the 
distance to the object. The metal knob to the 
left adjusts the tilt of the instrument to com- 
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pensate for the distance to the object. Be- 
cause the viewfinder is located above the 
camera, it must be titited downward to view 
objects near the lens properly. 

The scale and lever alongside the view- 
finder sets the device for the proper focal 
length of lens used on the camera. The field 
of view differs with each lens used, and the 
viewfinder must be adjusted to compensate 


for the lens. 
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THE REFLEX CAMERA—Focus 
of ground glass is quite 
focusing and framing the obje 
graphed. However, the view c 
this method of focusing is 
cumbersome to be used for 
raphy. The reflex camera cc 
handling with ground glass 
cameras are divided into two 
single lens and twin lens. 
The single lens reflex cam 
positioned between the film 
This mirror reflects the light 
ground glass positioned abc 
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th the aid 
for both 
5e photo- 
t in which 

far too 
! photog- 

ease of 
9. Reflex 
1l types— 


a mirror 
the lens. 
g it toa 
camera. 


The photographie 


focusing and f 
graphed. As th 


uses the ground glass for 
ng the object to be photo- 
posure is made, the mirror 


name implies, two lenses. The upper of the 
two lenses is used solely for focusing and 
viewing. The lower lens is used to expose the 


swings up ar t of the way of the light film. Both lenses 

reaching the à high degree of precision coupled by gears Pr eed si bed 

is required in ‘ nufacture of these moving that they work together. The focusing on the 

parts. The sin s reflex camera also must upper lens is the same as that on the lower 

employ a foc: ' shutter, which works on lens, while any change in aperture takes place 

the principle < ving curtain. Conventional with both lenses. 

shutters cann ised on single lens reflex Illustration 6a is a cut 

cameras, as it would not be able to twin lens reflex camera. Tha ee en 

reach the mi tains more elements and is optically of higher 
The illustr. 1ow the twin lens reflex quality than the upper lens, which is used only 

camera. A tv reflex camera has, as the to focus and frame the picture. The mirror in 
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the twin lens reflex camera does not move, 
and the light is not interrupted as the photo- 
graph is taken. Additional mirrors and lenses 
can be seen above the camera; these may be 
used with the reflex camera for ease of opera- 
tion. The open viewfinder at the extreme top 
of the camera is used when lighting conditions 
are poor and the photographer cannot use the 
ground glass to view the image. 

Fresnel or zone lenses are often used in 
place of or in conjunction with ground glass 
for focusing and framing in reflex and view 
cameras. Such lenses produce much sharper 
and brighter images because they allow more 
of the light to reach the eye of the photog- 


rapher. 


Illustration 6b shows that light reaching a 
Point on a frosted or ground glass is dis- 
persed in all directions. Only a small portion 
of the light is transmitted to the photographer. 

Illustration 6c shows that light from all por- 
tions of a Fresnel lens is refracted and reaches 
the eye of the photographer. 

_ The Fresnel or zone lens is a sectioned por- 
tion of a lens of much greater bulk. Only the 
curved portions of the lens are used, and the 
cylinder below this curved portion is elimi- 
nated. Illustration 6d shows that the lens is 
made of zones corresponding to the identical 
zone of the larger lens. The Fresnel or zone 
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lens has the same focal length as the parent 
lens. 

Fresnel lenses are usually made of a plastic 
material and are molded rather than polished. 
Although such lenses are not of high optical 
quality, they are far superior to the conven- 
tional frosted glass. 

The area in the center of the focusing glass 
in the reflex camera contains a Fresnel lens. 
The image is much brighter in the center than 
at the edges (Illustration 6e), which are con- 
ventional ground glass. Focusing is the most 
important function of the ground glass, and 
the Fresnel or zone lens is a great aid in 
allowing the photographer to have a brighter 
image for use in focusing. 
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CAST IRON 


In the modern blast furnace, the chemi- 
cal and thermal processes that take place 
during its operation are continuous and 
complex. Many of the furnaces are used 
for the reduction of iron ore to cast iron, 
commonly known as pig iron. The ac- 
companying illustrations show major steps 
in the iron-ore reducing process, 
During the furnace’s operation, con- 
tinual loading of fresh materials is neces- 
sary. (See Illustration 5.) The ores, coke, 
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| the casting of fire 


and limestone that comprise each load 
are dumped into the top of the furnace 
from small railroad cars (skips ) that move 
up along inclined rails. The new loads are 
added to keep pace with the descent of 
the load already in the furnace. As a load 
descends, it meets the forced hot air blast 
that rises to begin the reduction process. 
The pressurized air traveling from the 
stoves to the nozzles to achieve com- 
bustion in the furnace reaches speeds of 


AN OUTLINE OF THE VARIOUS REACTIONS THAT OCCUR 
IN THE ZONES OF A BLAST FURNACE 


Tempera 
Zone | ture (° C) Phenomena 


Reaction 


Fe;O; + 3CO-— 2Fe + 3CO, + cal. 
2CO- CO, + C + cal. 
CO; + C> 2CO — cal. 


Fe;O; + 3C-— 2Fe + 3CO — cal. 
CaCO; > CaO + CO, — cal. 


MnO, + CO MnO + CO, + cal. 
FeO* SiO; + CaO —> CaO* SiO; + FeO 


3FeO + 5CO > Fe;C + 4CO;3Fe + C> Fe;C 


50° elimination of water, hy- 
groscopic or combined 


MnO + C> Mn + CO — cal. 
SiO; + 2C Si + 2CO — cal. 
P,0; + 5C P, + 5CO — cal. 


FeS + Mn Fe + MnS + cal. 
FeS + CaO > FeO + CaS + cal. 


1 
400° 
indirect reduction of iron 
oxides 
separation of slag and iron 
settling of composition 
THE THERMAL ZONES OF A BLAST FUR- 
NACE—This table serves to summarize the 


dissociation of CO 
dissolution of C 

reactions occurring in different zones of a 

blast furnace. 


direct reduction of iron 
oxides 

dissociation of carbonates 

partial reduction of Mn 
oxides 

formation of primary slag 

beginning of the carbure- 
tion of Fe 

beginning of fusion 

complete fusion 

iron carburetion and sulfur-| 
ization 

reduction of MnO, SiO; 
and P205 

formation of final slag 

Zone |: Here heating begins with an initial 


coke combustion 

iron desulfurization 

completing of final slag 
deposit of amorphous carbon. 

Zone II: The presence of reduced iron or of 
iron still in reduction increases the deposit of 
amorphous carbon. The indirect reduction of 
the metallic oxides by the carbon monoxide 
and the dissociation of carbon by carbon 
monoxide occur here. 

Zone lll: Most of the reactions here are 
shown in the formulas. Slag formation and the 
initial stages of fusion also occur, 

Zone IV: General fusion: The load (except 
for the coke) is completely fused. The com- 
posed mass of gangue (the impurities from 
the minerals in the iron), lime, and sponge 
iron pass from the pasty state of the last zone 
to a liquid state, forming the definite products 
of slag and iron. Manganese and silicon are 
reduced in this zone. Phosphorus is set free 
from its saline combinations and is the only 
element that is absorbed completely by the 
iron. Almost all the sulfur present enters this 


zone as iron sulfate, and calcium also enters 
the zone. The iron sulfate is soluble in the 
iron and remains there until the next stage; 
the calcium passes into the slag. 

Zone V: The maximum temperature of the 
blast furnace is attained here. In some cases 
it may reach 2,000? C (about 3,600° F), but 
it is usually about 1,800? C (about 3,300? F). 
In conversion to the iron, phosphorus, carbon, 
Silicon, manganese, and sulfur react differ- 
ently in this zone. The phosphorus continues 
to play its part in the formation of iron and 
remains up to the end. The carbon diminishes 
because of partial oxidation. The silicon re- 
mains almost unchanged. Last, the manganese 
and sulfur diminish considerably. 

Zone VI: In this last zone—the crucible (or 
hearth) zone—the slag separates from the iron 
because of differences in density. While the 
iron expels the sulfur, the slag liberates the 
last residues of iron oxide and manganese. 
The carbon diminishes while the phosphorus 
continues to increase with the reduction of 
the last traces of phosphate to phosphorus. 
At this point the iron and'the slag are tapped 
(drawn off). 
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THE TAPPED IRON— The iron is tapped every 
3 or 4 hours, but about 6 hours elapse be- 
tween the loading of the ores and the extrac- 
tion of the finished product. During the tap- 


200 m/sec (about 650 ft/sec) and tem- 
peratures of 700 to 1,000° C (about 1,300 
to 1,800? F). As soon as the coke is hit by 
the air it becomes incandescent because 


[ded n air blast is stopped, but the furnace 
uld ya ot. Tapping lasts 1 hr. When the liq- 
faval n in the crucible reaches a certain 

, the taphole is opened and the metal 


of the oxygen content of the air. Accord- 
Ing to the reaction: 


FeO +. CO > Fe + CO», 


flows through specially prepared channels 
called “runners” (Illustration 2a). The runners 
are right on the casting level of the furnace 
and are made of coal dust and refractory clay. 


the carbon monoxide (CO) formed is the 
main reducing agent of the metal iron 
The carbon monoxide rises toward 
the mouth of the furnace and, near the 


oxides. 


From the runners, the iron flows into special 
carriers called “torpedoes” (Illustrations 2b 
and 2c) to be sent to the steel mill or to special 
equipment for making "pigs." 


top, it separates (partially) into carbon 
dioxide and free carbon, producing a 
great deal of heat. The current of hot 
gases in the top part of the stack heats the 


THE IRON FINISHES ITS JOURNEY—The sco- ic oxides. At about 700° Process results from a series of combinations 
ria (slag) that is formed on the inside of the iron silicates form. At ab C (about of acids and basic ores contained in the fused 
blast furnace collects in the crucible and 2,000? F), black mass. matter. 

floats on top of the iron. It is tapped after the Lime (intro The alumina (aluminum oxide) that is pres- 
iron. The formation of slag is very important. i ent has an important stabilizing function in 
It begins in Zone III (see Illustration 1) of the 1 ini ii i- the mass formed. It combines with the silicon 
furnace and continues its function to the last and lime, causing the purification of the iron 
Zone. It begins to form because of the combi- de. Zone IV separated from the ores. It is the alumina 
nation of silicon in the gangue with the metal- al slag. This that determines the high temperature of the 


fur 
o TA Ton needs 1,400? C (about 2,5509 F) 
Toos (ane/eas the slag needs at least 
alumina content. „100° F) because of its high 
before tapping of the slag is done immediately 
is emptied end of the iron tapping. The slag 
level, and ities runners placed on the casting 
8 jet of Wi is cooled and granulated by letting 
ater play on it. It is then collected 


in special cars. Since the slag is essentially 
a calcium aluminum silicate, large tonnages 
are used as raw material in the manufacture 
of Portland cement. Slag is used also in re- 
fractory bricks, as railway ballast, and in in- 
sulating materials such as fiber glass. Occa- 
sionally, a steel mill produces more liquid 
iron than it can absorb. In order to keep this 
waiting iron from cooling in the torpedoes, it is 


collected in a ladle and transferred to a ma- 
chine that forms pigs (ingots of iron). 

Before the pigs are cast, carbon and other 
substances that produce a last formation of 
scoria on the iron bath are thrown into the 
ladle; in this way a purer product is pro- 
duced. In Illustration 4, the slag is visible on 
top of the liquid iron. The pigs formed are 
then used in the foundry or in the steel mills. 
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A GENERAL DRAWING OF A BLAST FUR- 
NACE—The material to be reduced is col- 
lected by the crane G and loaded on the skips 
C that introduce it into the top of the blast fur- 
nace B. From the stoves A come the blasts 
of hot air necessary for the combustion of the 
coke. 


cold, solid materials and causes dehydra- 
tion. 

The operation of the blast furnace is 
continuous from the moment of ignition 
until production is stopped—that is, until 
both the loading and the extraction of 
the end product and slag are stopped. 
The furnace is shut down only when—and 
usually only after several years—it be- 
Comes necessary to carry out lining re- 
pairs and installations. 

The pig iron produced may be sent 
directly to the steel mill or it may be used 
in the foundry. However, the iron desig- 
nated for the steel mill still contains for- 
eign elements, including sulfur, which is 
usually found in the bath as iron sulfate; 


this may be eliminated by throwing soda 
(sodium carbonate) directly into the 
liquid iron after casting, thereby convert- 
ing the sulfate to sodium sulfate. The 
complete purification, called "convert- 
ing,” takes place during processing in 
steel production. 

The first condition for obtaining a cer- 
tain type of iron from the blast furnace 
is that the load consists of Ores, corrective 
additives, iron, and additional elements 
in the proper proportions. In addition, the 
load must contain the necessary slag cor- 
rector, and the slag must be regulated so 
that it affects the iron in the desired man- 
ner. Besides iron, extracted iron contains 
about 3.5 percent carbon, 0.5-0.1 percent 


silicon, 1 percent manganese, and .05 per- 
cent phosphorus and sulfur. 

The amount of coke consumed per ton 
of iron produced weighs between 600 
and 800 kg (about 1,300 and 1,800 Ibs) 
depending on the “speed” at which the 
blast furnace is operating. The speed may 
be “hot” or “cold” according to the 
amount of silicon that is present in the 


‘iron, Also, the amount of coke consumed 


depends on the quantity of slag produced. 
Refining of the iron to produce steel is 
carried out according to one of three 
methods currently in use: the Martin- 
Siemens furnace; the conversion process; 
and the electric furnace, the use of which 
is on the increase. 
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the main parts of a common timepiece 
and the principles on which it works 


mines the precision of the watch move- 
ment. 

2. A way of counting the cycles of the 
periodic phenomenon in such a way that 
it can be read off as time by an observer. 

3. A meter and a source of energy to 
drive the device producing the periodic 
phenomenon. 

Various kinds of clocks and watches 
utilize different mechanisms to provide 
these basic parts. The mechanical prin- 
ciples of various timekeeping devices are 
discussed in the article. 


THE BALANCE WHEEL 


Periodic motion in watches is generated 
by a spring-constrained oscillating part. 
This part is called the balance wheel and 
consists of a ring with a diametral arm, 
through the center of which passes a 
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VHEEL OF A PRECISION 
In high-precision chronom- 
ig and the balance wheel 
manufacture. The balance 
1 bimetallic strip cut out 
ts moment of inertia (and 
not altered by changes in 
w is used to set the oscil- 


lation period to the required value and thus 
obtain the correct operating speed. The large 
cylindrical return spring is made of invar so 
that its elastic properties are not altered by 
temperature changes. The balance wheel 
spindle has a suspension bearing made of 
diamond so that the movement will have an 
unlimited life. 


spindle. The spindle is supported at both 
ends in such a way as to allow the ring 
to rotate (Illustration 1). The balance 
wheel, however, is not free to make a 
complete revolution but is forced by a 
spiral spring to oscillate around an equi- 
librium position. One end of this spring 
is attached to the spindle of the balance 
wheel and the other end to the watch 
case. The oscillation of the balance wheel 
keeps the escapement mechanism moving. 


THE ESCAPEMENT MECHANISM 


The oscillation of the balance wheel oper- 
ates a mechanism in which a ratchet 
wheel is made to advance by one tooth 
for every oscillation completed by the 
balance wheel. This mechanism is known 
as the "escapement mechanism" and is 
shown in Illustration 2. If there were no 
escapement mechanism, the energy of the 
spring would be rapidly released through 
the watch's gear mechanism (which 
would run wildly for a few seconds and 
then come to a stop). Thus, the escape 
mechanism acts as a governor on the 


——————————— 


ESCAPEMENT MECHANISM — The  ratchet 
wheel that is driven by the escapement mecha- 
nism rotates by one tooth for every oscillation 
of the balance wheel. If, as is the case in 
many watches, the balance wheel carries out 
five oscillations per second, the ratchet wheel 
rotates by five teeth per second. As the period 
of the balance wheel is constant, this rotation 
speed also remains constant. The ratchet 
wheel is coupled to the reduction gear mecha- 
nism, which moves the hands around the 
watch face at the desired speeds. The ratchet 
wheel is driven by the mainspring. When the 
latter is wound up, it makes the escapement 
wheel rotate. This is made possible by the 
rotation of the balance wheel, which frees 
the ratchet teeth one by one from the pawl. 
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energy of the spring. Only the oscillations 
of the balance wheel can make the escape- 
ment wheel advance one tooth at a time. 
The regularity of these oscillations is 
what makes the watch accurate. 

Another important function of the 
escapement wheel is to transmit a small 
amount of the energy of the mainspring 
to the balance wheel so that it continues 
to oscillate. This is necessary because the 
balance wheel consumes energy in rotat- 
ing as a result of the friction in the pivots, 
air resistance, and friction in the escape- 
ment mechanism. 


THE GEAR MECHANISM 


Three hands move around the faces of 
most watches. The hour hand makes one 
complete revolution every 12 hours, the 
minute hand one revolution every hour, 
and the second hand one every minute. 
The speed at which the wheel driven by 
the escapement mechanism rotates must 
be reduced by the value necessary to 
drive the three hands at the required 
speeds. This reduction is accomplished by 
a system of gear wheels that reduces the 
motion until the required values are 
reached (Illustration 3). A reserve of 
energy is needed to drive the escape- 


MANY DEVICES TO OBTAIN PRECISION— 
This illustration shows the hyperbolic spiral 
mainspring used to maintain a constant pres- 


ment and balance wheel mechanisms. In 
watches, this is usually provided by a 
spiral spring that can be wound up. 


WHAT MAKES A WATCH 
ACCURATE? 


There are many ways of making a watch 
reliable and accurate. The main feature 
a watch must have is that of being regu- 
lar. This means that for any given inter- 
val of time, the hands must travel the 
same distances. For example, a watch 
that at the end of each twenty-four-hour 
period always indicates 24 hours and 42 
seconds does not give the right time but 
is nevertheless regular and can be relied 
on to gain exactly the same amount of 
time each day. An irregular watch, on 
the other hand, in a given 24-hour-period, 
may show 24 hours 42 seconds on one 
occasion, 24 hours 41 seconds on another, 
24 hours 44 seconds on another, and so 
on, so that the time it will indicate on any 
occasion is not predictable. 

The second feature a watch must have 
is that it must record the right time, al- 
though this is less important than regu- 
larity. A regular watch can be speeded 
up or slowed down until it records the 
right time and will continue to do so. 
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ONE ME OF COMPENSATING IRREGU- 
LARITY- nsmitting the energy of the 
spring tc iin of gear wheels, the spring 
is highly essed at the beginning so that 
the angu! city of the spindle on which 
the sprir s is at its maximum (assume 
it to be n tions per minute). When it has 
almost cc sly run down, its angular ve- 
locity is ! ssume it to be n/5). The prob- 
lem is ho e this varying velocity to pro- 
duce a c otation velocity in the gear 
wheels. 1 tration shows how the prob- 
lem is s piece of cord is wound 
around t jer attached to the gear 
oscillatic e are five main causes of 
such irre ies: 

1. The pansion of the balance 
wheel. ^ ase in temperature makes 
the balay el become larger, where- 
upon its tion inertia thus increases 
and the \ vill be slow. 

2. Alte of the elastic characteris- 
tics of th inspring. Any variation in 
the size o mainspring alters the force 
that it exe: when it returns the balance 
wheel to it t position and consequently 


alters the speed of the moving parts. 

3. Variation of atmospheric pressure. 
The movement of the balance wheel is 
opposed by air resistance, which creates 
a braking effect that increases with in- 
creasing atmospheric pressure. 

4. The force with which the escape- 
ment mechanism strikes the balance 
Wheel as it rotates. This force depends, 
in turn, on the force that the mainspring 
transmits to the escapement. This force 
is greatest immediately after winding and 
least when the mainspring has unwound. 

5. Miscellaneous shocks. Such shocks 
May momentarily alter the duration of 
the oscillations and ultimately produce 


wheel. One end of the cord is attached to 
a cone fixed to the mainspring spindle. At 
the beginning of the movement, the cord winds 
off the cylinder onto the upper part of the 
cone. The rotation is the same if it is as- 
sumed that this part of the cone has the same 
diameter as the cylinder. Finally, the cord is 
wound onto the lower part of the cone. Now 
the rotation velocity of the mainspring spindle 
is n/5, but the diameter of the cone has now 
increased so that one revolution of the cone 
corresponds to five revolutions of the cylinder. 
Thus, the velocity of the latter remains con- 
stant. 


ET 


a cumulative effect that will cause the 
watch to run fast or slow. 


METHODS OF COMPENSATING 
IRREGULARITY 


Thermal expansion of the balance wheel 
is compensated for by making it of metals 
having an extremely low coefficient of 
thermal expansion, such as invar, an alloy 
of iron and nickel. Sometimes the outer 
circumference of the balance wheel is 
made of a thin strip, consisting of two 
metals with different coefficients of ex- 
pansion. The balance wheel will thus 
maintain its inertial properties even 
though the temperature has changed. 
The mainspring is made of an alloy 
that is relatively unaffected by the tem- 
perature so that small changes do not per- 
ceptibly alter its elastic properties. Thus, 
the return force exerted on the balance 
wheel remains practically the same, as 
does its period of oscillation. The effect 
of atmospheric pressure is not very im- 
portant and is usually not taken into ac- 
count during the manufacture of balance 
wheels, On the other hand, a very im- 


portant effect is the force with which the 
mainspring induces oscillations in the 
balance wheel. Usually a watch is wound 
up once every 24 hours. At the beginning, 
the mainspring is highly compressed and 
exerts considerable pressure on the pal- 
lets of the escapement that move the bal- 
ance wheel. When it has almost com- 
pletely unwound, a weaker force will be 
exerted on the balance wheel. The oscil- 
lations of the balance wheel would re- 
main fairly constant if the wheel were to 
move without being struck by the pallet. 
In practical terms this is the most serious 
problem in watches after temperature 
changes have been compensated for. It is 
solved by using a device that controls the 
force that the mainspring exerts on the 
balance wheel, diminishing it at the be- 
ginning and increasing it as the main- 
spring unwinds, The pallet thus always 
acts on the balance wheel in the same 
way (Illustration 4). 

A more modern system uses a spring 
that unwinds in a few minutes. This 
spring is then rewound automatically at 
short intervals of time by another more 
powerful spring that provides the long- 
term winding. This system reduces to a 
minimum the effect of varying spring 
force. The spring acting directly on the 
escapement is never completely wound 
up and is never allowed to completely 
run down. Therefore, the force it exerts 
is practically constant. Moreover, any 
small variations that do occur only affect 
a brief period and are averaged out over 
longer periods. 

A great advancement in improving 
chronometers was encouraged by the 
Commission for Longitude Measurement 
in England in 1700, At sea, if longitude 
must be calculated without using radio 
time signals, the position of a star must be 
observed, along with the exact time of 
the observation. During long ocean voy- 
ages high-precision chronometers are 
needed, in which any temperature varia- 
tions have been compensated for, in order 
to compute longitude measurements ac- 
curately. An error of even one second in 
the measurement of time corresponds to 
an error in position of nearly 500 m (about 
1,640 ft.) at the equator. 

The English Commission for Longitude 
Measurement offered a valuable reward 
to any watchmaker who achieved a 
breakthrough in the technique of the 
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construction of precision chronometers. 
The prize was won by John Harrison, 
who built the first chronometers having 
a thermally compensated balance wheel, 


utes by a small, battery-operated electric 
motor. For this reason, these timepieces 
are very regular. 


very low friction, and double winding. 
Double winding is used today in the man- 
ufacture of fairly cheap clocks where the 
mainspring is rewound every few min- 


TER, 
stop- 


A STOPWATCH, A NAVAL CHRC 
AND A STOPWATCH MOVEME! 


watch has the ordinary hour inute 
hands as well as a large second | may 
even have (as in Illustration 5a) tv^ sec- 
ond hands. The movement of such ision 
stopwatch is very simple. Often, hic ision 
is a result of simplification rather t ;mpli- 
cation. The naval chronometer (Illus n 5b) 
is used in navigation to determi time 
of astronomic observations used !: sition 
finding. Such chronometers are so “silicate 
that they must be kept in a specia! where 
they are suspended in such a way as to romain 
horizontal in spite of the ship's movement. Il- 


lustration 5c shows the complex construction 
of a stopwatch movement. 


5b 


CLOCKS AND TIME | 


The acct measurement of time is es- 
sential ! ry experiments. Some ex- 
perimen juire the measurement of 
time int longer than one day, while 
in othe time measured is of the 
order o! ds or a few minutes. There 
are also nents in which time inter- 
vals mu :easured to an accuracy of 
a hundi f a second or even less. For 
time m ients exceeding 1 second 
up to à lays, an ordinary clock or 
watch 1 sufficiently accurate. For 
extrem: ll time intervals, timing 
instrum it that are specially built 
to satisí fied conditions. 

A chr r is a timekeeping device 
of great cy developed originally to 
determi itude at sea. A modern 
chrono: iffers in mechanism from 
an ordi: itch; instead of the spiral 
balance ind lever escapement, a 
chronor es a helical balance spring 
and a detent or chronometer 
escaper t requires no oiling. An- 
other d is that almost all chro- 
nometc ted with a device known 
as a fu h equalizes the force of 
the ma 
CHOO CHRONOMETER 
When | chronometer, the choice 
of an in it will depend on the pur- 
pose fo | it is to be used, If the 
time to isured is on the order of 
minute: watch of the type used in 
sporting »etitions is satisfactory. If 
the tim vals to be measured are 
long (s hours), a wrist or pocket 
watch w second hand is sufficient. 
Sports-ty topwatches are suitable for 
measuring fairly short intervals of time. 


The balance wheel of this kind of watch 
moves the escapement (and therefore 
the second hand) five times a second. 
Thus, a fifth of a second is the smallest 
interval of time that can be measured by 
this instrument. This interval is called 
the sensitivity of the instrument. 

An instrument such as a stopwatch is 
suitable for measuring the time duration 
of brief phenomena, for example: the pe- 
tiod of oscillation of a pendulum, the 
time taken for a weight to move down an 
inclined plane, the time taken by a liquid 
to flow out of a vessel or through a hole, 
and so forth. Usually, sports-type stop- 
Watches have another dial that records 
the number of revolutions of the second 
hand up to 60, or one hour. Therefore, 
they are not suitable for measuring long 
intervals of time. This difficulty, however, 


can be surmounted by using a different 
watch to measure the number of hours 
that have passed since the measurement 
began. 

A wrist or pocket watch with a second 
hand can measure both short and long 
intervals of time. Although this kind of 
watch does not necessarily have the same 
precision as a stopwatch, the results ob- 
tained with it may be quite satisfactory. 
Battery-operated clocks also give excel- 
lent results. These clocks are usually 
driven by an electric motor that winds up 


la 


the mainspring every few minutes. The 
spring then drives the escapement and 
the force with which the mainspring acts 
on the escapement is constant throughout 
the day. This type of movement is used 
in many alarm clocks; they can be regu- 
lated with the same precision as the better 
types of hand-wound, spring chronom- 
eters. An ordinary alarm clock or an 
old watch with a second hand, even if 
there is no stop button, may be sufficient 
for making measurements where great 
accuracy is not essential. 


A TABLE CLOCK —lllustration 1a shows 
an electric clock (1a) that is run by a 
small battery (Illustrations 1b and 1c). 
The second hand moves intermittently, 
advancing in 0.5-second jumps. This kind 
of clock is accurate enough for most mea- 
surements. The battery drives a small 
motor that periodically winds the spring. 
Frequent winding means regularity. 
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HOW TO CHECK THE 
ACCURACY OF A WATCH 


Before carrying out any time measure- 
ments, it is well to determine if the hands 
of the watch are regular in their move- 
ments. Regularity is less important when 
making short time measurements than in 
the case of long ones. Assume that a 
watch gains a minute a day, or 1 minute 
every 1,440 minutes, or 1 second every 
1,440 seconds, If a phenomenon is timed 
that has a duration of 1 minute, at the 


2a 


A WRIST WATCH—The layout of this watch 
face is simple but complete (Illustrations 2a 
and 2b). At the center are the hour, the minute 
and the second hands. The second hand can 
be set in motion or stopped by pressing the 
button placed above the knurled winding knob. 
The other button is used to return the second 
hand to its original position. The small, light- 
colored dial on the left is a simple second 
counter, while the one on the right operates 
only when the second hand has been set in 
motion. It records the number of minutes that 
have passed since it was started. The numbers 
on the outer circumference of the main dial 
run counterclockwise from 60 to 1,000 and 
indicate the speed in kilometers per hour of a 
moving object. 


end of the measurement the watch will 
have gained 1/1,440th of a minute, or a 
twenty-fourth of a second. If the instru- 
ment can, at best, measure fifths of a sec- 
ond, such a small error will not be noticed. 

On the other hand, if the difference be- 
tween the sidereal day and the solar day 
is measured, this error would have to be 
corrected. The difference between the 
two kinds of day is about four minutes 
and an error of 1 minute per day would 
be the equivalent of 25 percent of the 
time difference. 


In order to check a watch, time .:znals 
of the kind given by radio broac sting 
stations are needed. Some stations oad. 
cast the signals in the morning, : oon, 
in the evening, and at midni; r at 
similar intervals. Other station sad- 
cast signals every hour. The ti znal 
usually is given by accompa the 


second intervals by the emis: an 


acute note lasting about a fifth enth 
of a second. The end of the cor- 
responds to the end of each se iter- 
val. The fifty-ninth second is s} and 
the hour signal, which is of io; ura- 
tion than the others, corres; the 
end of the sixtieth second. Th sig- 
nal enables the listener to + the 
second hand or to check the tin nby 
the watch. To check the accu: f the 
watch, the time it shows at var time 
signals over a period of severa s or 
even days must be noted. Ií ime- 


piece is fast, the observatio: re- 
corded in the following way 


Date Time signal [0] time 
(hr) (min) (sec) (hr) (sec) 

July 16 8 00 00 8 03 
July 16 12 00 00 12 07 
July 16 20 00 00 20 15 
July 17 8 00 00 8 24 
July 17 12 00 00 1 28 
July 17 20 00 00 20 36 
This table shows, first, that atch 
is running fast. Second, it sho t the 
watch tends to gain and, last it is 
irregular. The table shows that atch 
gains 4 seconds between 8:00 and 
noon and 8 seconds between and 
8:00 p.m., or 1 second per hour. 'ever, 
during the night it gains only  -«conds 
in 12 hours, or three quarters of a second 


per hour. If the watch had been checked 
only once a day at the same time, the ir- 
regular behavior would not have been 
noticed. This irregularity may be due to 
many causes: the lower temperature at 
night, the smaller number of shocks it 
receives during the night, and the differ- 
ent degree of compression of the spring 
during the hours immediately after wind- 
ing and during the hours before the next 
winding. 

For these reasons, if a watch or clock 
is to be used for making accurate time 
measurements, it must always be left in 
the same place in a part of the building 
where it will not undergo shocks or sud- 
den temperature changes. Moreover, it 


THE CLOC GULATOR—This view shows 
the regulai the clock in Illustration 1 en- 
larged twi: e central screw is turned 
must be v l (but not tightly) at the 
same timc v day. Finally, the balance 
wheel sus; ən must be checked. This 
is done by hecking the watch's regu- 
larity wh: in a horizontal position 
and then t is vertical. If the bear- 
ings are w 1 results will be different 
in each c: 

HOW TO ULATE A WATCH 

If a wate! und to be irregular, it is 
a good p: * to replace the balance 
Wheel sus; on and the escapement 
mechanisi: ) correct any tendency to 
gain or los- the lever of the balance 
wheel spring that regulates the oscilla- 


tion period of the wheel and thus the 
Speed of the watch hands must be ad- 
justed. A check should be made after each 
adjustment, but a single daily observa- 
tion is enough. However, a watch is 
scarcely ever 100 percent accurate; a 
Sain of a few seconds a day is tolerable 
for almost all nonscientific situations. 


TIMING 


After a suitable watch has been chosen 
and the regularity checked, it can be used 
for timing. In the case of brief time in- 
tervals, any irregularity in the watch has 
negligible influence on the measurement. 


clockwise (toward the + sign) or counterclock- 
wise (toward the — sign) according to whether 
it is desired that the clock run faster or slower. 


What is important, however, is the ex- 
perimenter's capacity to perceive and act 
on the beginning and end of the phe- 
nomenon that is being timed. 

Consider the simple requirement of 
pressing the button controlling the sec- 
ond hand as soon as the time signal is 
heard. The regular signal notes help to 
anticipate the exact moment at which the 
critical signal will be given; that is, the 
instant at which the control button must 
be pressed. However, before taking this 
action, the ear must hear the signal, the 
brain must receive the sensation of the 
sound from the acoustic nerve, and then 
must command the finger muscle to con- 
tract by means of another nerve. Finally, 
the latter must actually contract. All 
these actions require a relatively long 
period of time known as the “reflex time” 
and are subject to personal error. 

To minimize the effect of personal er- 
ror, it is a good practice, when timing 
periodic phenomena, to measure long 
time intervals. Assume that it is neces- 
sary to measure the time necessary for a 
pendulum to carry out an oscillation pe- 
riod, which is assumed to be 174 seconds. 
If an error of one fifth of a second is 
made at the beginning of the measure- 
ment and a tenth of a second at the end, 
the total error made in measuring the os- 
cillation time will be large with respect 


Each division corresponds to a variation of 
+5 seconds every 24 hours. 


to the oscillation itself. Instead, if the 
timing is made after the pendulum has 
carried out 10 or 20 oscillations, the per- 
sonal error will remain the same but it 
will be spread out over 20 oscillations. 
The accuracy of the measurement of the 
period will thus have increased 10- or 
20-fold. 

In the case of long time intervals, the 
greatest source of error will be an irreg- 
ular watch. To avoid this error, radio time 
signals should be used as far as possible. 
For example, to measure a time interval 
having a duration of about 24 days, the 
timepiece is started at the beginning of 
the phenomenon and should be checked 
at every hourly time signal. In this way, 
the movement of the watch is kept under 
constant control, which permits the mea- 
surement of a time interval of several 
days with an accuracy of half a second. 


TIME FOR THE NATION 


Accurate time for the United States is 
established at the United States Naval 
Observatory. With a six-inch meridian 
telescope, astronomers there can deter- 
mine the time when certain stars cross 
the meridian. Such an instrument can 
swing only between north and south. It 
is used to time the passage of stars across 
the meridian of the observatory. 
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COMPUTERS-I | the basic organization 


For thousands of years, men have sought 
and devised means to simplify calcula- 
tions and to avoid errors in their compu- 
tations. The Chinese abacus, enabling the 
user to carry out many elementary arith- 
metical operations with ease, is a simple 
form of digital computer. The slide rule 
—familiar to students and engineers—is a 
simple form of analog computer. 

Scientific progress, calling for the exe- 
cution of extremely complicated calcula- 
tions, has imposed the need for construct- 
ing machines that are capable of carrying 
out such calculations without human par- 
ticipation other than supplying the ma- 
chine -with the information it needs to 
perform its work. 

The first machine capable of carrying 
out automatic calculations was con- 


structed by the French mathematician 
Blaise Pascal (at the age of 19). All small 
table and office calculating machines 
used today are still based on the same 
principle. These machines, which oper- 
ate by means of mechanisms and so are 
called *mechanical calculating machines," 
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BLOCK DIAGRAM OF AN AUTOMATIC COM- 
PUTER — This schematic diagram represents 
the parts comprising an automatic computer. 
IU represents the input unit, the component 
through which the necessary data are fed into 
the computer; the same component can 
Sometimes serve to extract the results of the 
calculations. This component may take various 
forms and may consist of a teletypewriter, a- 
perforated tape, a punched card, or a mag- 
netic tape. CPU is the arithmetic and logic 
unit, which consists of electronic circuits that 
serve to perform the various arithmetical op- 
erations and to make the various decisions 


constitute a great step forward from man- 
ual arithmetic calculations carried out 
with the help of paper and pencil. They 
offer two major advantages: greater speed 
of calculation and greater accuracy of re- 
sults. It may be useful to compare the 
time required to set up and perform a 
typical operation, such as the multiplica- 
tion of two numbers consisting of 12 digits 
each, In practice, an operation involving 
this many digits is not often encountered 
by the average person. Usually, some of 
the digits (the last on the right) will be 
dropped and the first few retained with 
as small an error as possible. A man highly 
skilled in carrying out arithmetical oper- 
ations requires more than a minute to 
write down the two factors, to perform 
the mathematical operation, and to copy 
the final result. A mechanical calculating 
machine, on the other hand, carries out 
the same operation in about ten seconds, 
including the time required to input the 
two figures to the machine and (eventu- 
ally) to write down the result by hand. 

The use of the machine, therefore, leads 


writing unit 


output of 
results 


inherent in the calculations. M is a memory 
component that stores the voluminous numer- 
ical data needed to complete a calculation with 
a large quantity of input and output data. This 
memory component often takes the form of a 
magnetic tape, which may be described as 
slow because a relatively long time is needed 
to extract the data stored on it. An output de- 
vice, WU, provides the writing unit that prints 
the results of the operations that have been 
controlled, formulated, and carried out by the 
other parts of the computer. In Practice, this 
last unit also can take different forms. 


to a considerable time saving, ave'-ls tir- 


ing the brain of a human being, and pro- 
vides a result that is known to be rect, 
Mathematicians and scientists h used 
machines of this type for mo: ma 
century. Machines constructe the 
same principle have helped tho: ls of 
accountants to prepare the bala: ieets 


is of 
sand 


of their companies, to keep : 
cash flow, and to calculate the 


salaries of employees. Neyer s, in 
view of the further develop: sci- 
ence and technology, the ne: ma- 
chines much quicker than the nical 
calculators began to make its: ome 
time ago. 

THE NEED FOR LARGE 
AUTOMATIC COMPUTERS 

The most common practical p: s call 
for a small number of relatis "ple 
operations. Examples include sting 
the weight of some piece of nical 
equipment from its shape an erial 
composition and calculating juare 
feet of floor area in an apart: sev- 
eral rooms. Other common p; may 
require a large number of « ions. 
Banks perform many calcula laily 
to determine the amount of 1: rans- 
acted in thousands of oper per- 
formed by dozens of tellers. r ex- 
amples include calculating th due 
5,000 workers at a large fact leter- 
mining the path followed by a ; light 
through a very complicated pli aphic 
objective; discovering how th itrons 
obtained in a chain reaction are distrib- 
uted in the core of the reactor: and cal- 


culating the motion of elementary par- 
ticles (such as protons and electrons) in 
a particle accelerator. 

Some of these problems can be solved 
only by carrying out hundreds of thou- 
sands of elementary arithmetical opera- 
tions. If each operation requires 10 sec- 
onds when performed by means of a 
mechanical calculating machine, 100,000 
operations require a month of uninter- 
rupted calculations. Obviously, obtaining 
solutions to such problems is costly in 
time and money. If the calculations are 
required quickly, the time can be short- 
ened by using many operators and an 
equal number of calculating machines, 
but the cost is still excessive and the re- 
sults are subject to error. 

The need for solving problems of this 
type has brought man face to face with 
the urgent necessity of constructing large 
computers that are capable of performing 


A MEDIUM-* ELECTRONIC COMPUTER 


that are moderately complex, but it can also 
handle the accounting work of a medium-sized 
corporation. It consists of an arithmetic and 
logic unit a, which contains the fast memory; 


a slow memory unit b with magnetic tapes; 
and a writing unit c that prints the data de- 
veloped by the arithmetic and logic unit, 


—This autor: omputer is suitable for car- 
rying out ar of calculation. It is gen- 
erally used t y out scientific calculations 
all the nec arithmetical operations 
at high spee! ;ese computers must also 
be capable itomatically performing 
a successio yperations in which the 
results of p: us calculations are used 
for further «< lations and new results. 
Electronics i the possibility of con- 
structing su: omputer. The first elec- 
tronic mac! were constructed little 
more than ? rs ago and astonishing 
and wholly reseeable progress has 
been made then. Automatic com- 
puters have sed enormously both 
the speed o! lual arithmetical oper- 
ations and t 'd with which compli- 
cated calcu can be carried out. 
While the 5: dels performed a typi- 
cal multipli. »peration (consisting of 
two 12-digit bers, mentioned earlier ) 
in about a t} ndth of a second, some 
present-day suters can perform this 
operation in than one-half of a mil- 
lionth of a second. 

A SIMPLE MODEL OF A 
CALCULATION 


The method of operation of an automatic 
computer can be understood by observ- 
ing how it carries out a simple calcula- 
tion, which nevertheless constitutes a 
model for, and an example of, more com- 
Plex calculations. 

Suppose that the computer is required 
fo determine the surface area of a solid 
Parallelepiped whose three dimensions 
dt respectively 2, 3, and 5 m (about 6.6, 

8, and 16.4 ft). The principles of solid 
Seometry can be used to organize the 
Calculation, The area of a solid is equal 
to twice the sum of the areas of the three 
aces that come together at one vertex of 

© parallelepiped, Therefore, the calcu- 


ation can be organized in the following 
manner; 


2x3-6; 2x5=10; 3x5=15; 


and the three results can then be summed 
and multiplied by two: 


2(6+10+ 15) =62. 


The surface area of the parallelepiped is, 
therefore, 62 m? (about 667 ft”). 

These calculations were made with 
paper and pencil, but thought must also 
be given to how they must be organized— 
which arithmetical operations must be 
carried out and how their results will be 
summed. If the computer is to supply 
the surface area after it has been given 
the data relating to the parallelepiped, it 
must be given more than the three figures 
2. 3, and 5; it must be told how it is to use 
these figures. In a manner similar to the 
example using manual calculation, but in 
this case completely automatically, the 
computer must be programmed to mul- 
tiply any pair of figures; to remember the 
results of the multiplications; to sum 
them; and to multiply the sum by 2. In 
other words, before it can begin a calcu- 
lation, an automatic computer must be 
able to store two types of information: 
(1) the data on which to operate and 
(2) instructions as to how it is to operate 
on these data. 

To do these things, a computer must 
have various parts that carry out different 
functions. It must contain a device that 
enables the operator to introduce the 
data; a device that is capable of carrying 
out the calculations; another that is capa- 
ble of remembering the initial data, the 
instructions, and the partial results; and, 
finally, a device that can write the results 
in such a way that the operator can read 
them (Illustrations 1, 2, 3). 


TWO TYPES OF CALCULATIONS 


Two different types of calculations are 


often made, but they must be performed 
by different types of computers. The first 
type begins with a small amount of data 
and arrives at an answer consisting of a 
few numbers only and requires a number 
of intermediate steps. This type of problem 
is encountered, for example, in attempts 
to determine the nature of the electric 
field existing between two metallic plates 
that are not flat. Only a few numbers are 
needed to describe the geometry of the 
plates; just as a few numbers suffice to 
describe the result—the complete descrip- 
tion of the electrostatic field. However, 
to obtain this answer with sufficient ac- 
curacy, hundreds of thousands of ele- 
mentary arithmetical operations must be 
performed. 

On the other hand, in some mathemati- 
cal problems the input data are numer- 
ous and the answers contain just as many 
figures, but only a few operations are 
needed to obtain these answers. A typical 
example of this type of problem is to be 
found in calculating the pay of the 10,000 
employees of a large corporation. For 
each employee a large quantity of data 
must be introduced into the computer— 
data relating to the base pay, length of 
service, automatic pay increases associ- 
ated with the cost of living index, holi- 
days authorized but not taken, produc- 
tion bonuses, tax deductions, and other 
subtractions. With these data, the com- 
puter can perform a few arithmetical 
operations for each employee and express 
the result as a single figure: the wages 
due him. 

In the first example, the computer 
needs a memory capable of containing 
the small amount of data required to find 
the form of the electric field; but the 
memory needed in the second example 
must be able to store much greater quan- 
tities of data. 
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THE PARTS THAT COMPRISE A COMPUTER 
—The arithmetic unit (Illustration 3a) con- 
sists of electronic circuits in which numbers 
are translated into electric signals that are 
processed according to a well-defined pro- 
gram. This console also contains a temporary 
memory unit, a device that serves to store 
initially entered data and data resulting from 
partially completed operations. 


A more extensive Storage or memory unit 
is shown in Illustration 3b. This unit can store 
a large quantity of information, which can be 
used at a future time by the arithmetic and 
logic unit. 

The output unit (Illustration 3c) prints the 

sults. These results are presented on a con- 
tinuous strip of paper and are written by a 
device that is analogous to an electric type 


writer, but that prints an entire line at a time 
and hence can print at a rate of hundreds or 
even thousands of lines per minute. However, 
the output data of the computer (the results 
of the calculations) can also be put directly 
on magnetic tapes and transcribed later in 
some other manner. 
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COMPUTERS—II 


A knowledge of the binary system of 
numbers asc the bistable circuit is re- 


quired to -derstand the principle on 
which the « :tion of the arithmetic unit 
of an elect: computer is based. Using 
this princi: 'omputers have been de- 
veloped f ;hly complex operations 
using arit! units with extremely 
complicate ctions. Most important to 
these adv; however, was an under- 
J 


TE MEMORY REGISTER — Many numbers 
it i to be stored in the computer to enable 
s Carry out complex calculations. Some of 
m numbers correspond to the data of the 
Pronom that the computer is to solve, while 
oa represent the instructions (translated 
follow inse Code) that the computer must 
he n order to obtain the required results. 
is perry element that fulfills this purpose 
rae pasttucted in a special manner that is 
heor a to the understanding of the 
at o computer operation. The following 
on S eani how a small-capacity mem- 
stable iar eb with the help of bi- 


Assume that it is desired that the computer 


standing of the simpler operational theory 
involved. 

The first step in this understanding is 
to see how the computer carries out ele- 
mentary operations by means of the bi- 
nary system of numbering. In the binary 
system, the digits are coefficients of 
powers of the base 2, in the same way 
that the digits in the decimal system are 
coefficients of powers of the base 10. The 
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remember the number that is written as 
101101110 in the binary system and that cor- 
responds to the number 366 in the decimal 
system. A series of nine bistable circuits are 
available; these are shown side by side in the 
illustration. For the purpose of writing the 
number, it must be assumed that the series 
of circuits does not contain any number—that 
each circuit is set to zero. The appropriate 
figure can now be introduced into each cir- 
cuit. A voltage input is provided for the first 
circuit on the left (this can be Cea ag 
by applying a voltage pulse of suitable magni- 
Rs) NO Nvolisas input is provided for the 
second circuit because the second figure from 
the left is zero. Then, a voltage input is pro- 


addition and subtraction 
in the binary system 


simplest operations that a bistable circuit 
(a circuit having two stable states) is 
capable of performing are the memoriza- 
tion of a number, the counting of a series 
of pulses, the addition of two numbers, 
and finding the difference between two 
numbers. The illustrations and descrip- 
tions that follow will show how these 
operations are performed. 


vided for the third and fourth circuits, and so 
forth. At the end, the situation is as shown 
in the second part of the illustration; the series 
of bistable circuits is in the state that repre- 
sents the number 1 or 0 according to the in- 
structions that have been given. (In the illustra- 
tion, red indicates 0, while yellow indicates 1.) 
If subsequently this series of circuits is not 
acted on in any way, the circuits will remain 
indefinitely in the state in which they were 
set at the beginning. In other words, they will 
preserve the memory of the numbers that they 
signify. This type of memory is useful essen- 
tially in circuits carrying out elementary op- 
erations. 
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HOW PULSES ARE COUNTED BY MEANS OF 
BISTABLE CIRCUITS—A simple operation car- 
tied out with bistable circuits consists of 
counting pulses. Assume that a bistable cir- 
cuit receives electric pulses that continue to 
arrive at a certain rate. Initially, the number 0 
(red) is written in the bistable circuit shown 
in Illustration 2a, meaning that no pulse has 
yet arrived. When a pulse arrives from the 


12 


left (Illustration 2b), the number 1 (yellow) is 
written in the bistable circuit. A second pulse 
now arrives (Illustration 2c) and O0 returns to 
the bistable circuit. If a third pulse should 
arrive, number 1 would be written again in 
the bistable circuit—and so forth. Only one 
pulse leaves the bistable circuit on the right 
for every two pulses that arrive from the left. 
It can, therefore, be concluded that every bi- 
stable circuit halves the number of pulses it 
receives. 

Assume now that a number of bistable cir- 
cuits are placed in line (Illustration 2d). Each 
circuit will receive pulses from the immediate 
neighbor on its left. The first (left) circuit in 
the line receives a series of pulses. It passes 
on half of the pulses received. This smaller 
number of pulses is received by the second 
bistable circuit and only a half of these passes 
on—one quarter the number received by the 
original circuit. This continues down the line. 
Assume, then, that 25 pulses enter the left- 
hand circuit (12 pairs plus 1). The first circuit 
returns 12 times to 0 (each time sending a 
pulse to the next circuit on the right), and be- 
cause it has received an odd number of pulses 
it ends the series showing 1. 
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lts immediate neighbor on the 
ceives 12 pulses and, therefore, re 
zero after having emitted 6 pulses 
circuit receives 6 pulses, emits 3, an 
at 0. The fourth circuit receives 3 pı 
1, and remains at 1. Finally, the f 
receives 1 pulse and remains : 
emitting any pulses. Reading from 
the 5 circuits write the number 1 
figure is now reversed (to pla 
usual order of the binary syste: 
obtained. This is the number ? 
the binary system. The circuits 
tute a counter (to the base 2) c 
of input pulses. Counting circuit 
have many applications. Among 
serve as clocks to mark the time 
counters; in fact, it is often nece 
a series of pulses in order to 
stant in which certain operation: 
carried out. It is then necessary 
some signals at certain instanis 
after the passage of 2 time interv 
one signal for every 4 input pu! 
cases, a circuit is required that c 
series of bistable circuits as show 
lustration. An analogous apparatus 
application in electric timing and i! 
ing of electric pulses coming fr 
of ionizing radiations. 

The electronic circuit shown in | 
is a counter (to the base 2) co: 
bistable circuits; each of the 4 
is fixed to the larger plate. Th 
pulses received by this system w 
by 16. Modern computers use 
versions (integrated circuits) to 
operations. 
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‘AE ADDED—In understand- 
two numbers with the help 
‘able circuits, assume that 
7 are to be added. In the 
e two numbers are repre- 
3 100101. Three rows of bi- 
used to perform this addi- 
digits of the first number 


0=34 


(11010) are set up in the first row, just as they 
would be in a memory cell. The second row is 
used to set up the digits of the second number 
(100101). The digits of the first number must 
now be transferred from the first row to the 
second, adding them by means of the same 
system that was used for counting. The first 
digit at the right of the first row is 0. When 


this digit is transferred to the corresponding 
bistable circuit in the second row (which 
contains a 1), this latter will remain at 1. This 
is the first digit of the result. Then, continue 
with the second digit from the right, then the 
third, and then the fourth. The result, there- 
fore, has been written in the third row of 
boxes below the symbolic representations of 
the bistable circuits. The result is 111111, 
which is equivalent to 63 (=32+16+8+ 
4+ 2+ 1) = (254 24 + 29 + 27 + 2), 

Now it will be shown how these operations 
are carried out when there are carryovers. 
An example of this type is provided by the 
addition of 9 and 25, which in the binary 
system are represented by 1001 and 11001. 
Two series of bistable circuits are used to 
write the two numbers in the usual way. The 
first digit at the right of the upper row is now 
transferred to the corresponding box of the 
lower row. In this case a 1 must be transferred 
into a bistable circuit that already contains a 
1. This latter will therefore return to 0, but in 
doing so it emits a signal that is sent to the 
bistable circuit immediately to its left. Because 
this second circuit is empty, it will pass from 0 
to 1. A 0 comes down from the upper row and 
the sum is 1. A carryover addition has thus 
been performed. However, some operations re- 
main to be performed to complete the addition. 
Two Os in the third position must be added, 
and these give a sum of 0. Next, there are two 
1s, which give 0 with a carryover of 1. This is 
sent as an electric signal to the next box on 
the left, where it is added to the 1 that comes 
down from the second row (the one that con- 
tains the second of the two figures to be 
added). The result is 0 with a new carryover. 
The final result is thus 100010, which is the 
binary equivalent of 34. A computer that car- 
ries out the operations just described displays 
amazing powers because complex problems 
can be reduced to simple steps and because 
the central processing unit can perform ex- 
tremely simple operations at great speed—up 
to a million such operations each second. 


OPERATIONS IN SERIES AND IN PARALLEL 
—The second example, shown in Illustration 
3, aids in understanding the principle of com- 
puter operations in series and in parallel. The 
addition shown can be performed in two dif- 
ferent ways. First, as shown in Illustration 4, 
the first digit on the right of the first row can 
be transferred. Subsequently, there can be a 
transfer of the digit in the next column on the 
left, and so forth, as indicated by the arrows 
of varying thickness that mark the succession 
in time of the operations to be carried out. 
Alternately, all the digits written in the row of 
bistable circuits can be simultaneously trans- 
ferred into the second row of bistable circuits 
and perform the carryover operations. The 
first method is called an operation in series 
because all the individual operations take 
place in a succession and at distinct mo- 
ments of time. The second method is called 
an operation in parallel because the opera- 
tions all take place simultaneously (the arrows 
that indicate their order are all of the same 
thickness). The method of operations in paral- 
lel is used in all computers where it is es- 
sential that the operations be performed at 
maximum speed. In fact, this method of opera- 
tion leads to a considerable saving of time: 
all that has to be done to perform the addition 
is to transfer the digits of the first register and 
subsequently to perform the carryover opera- 
tions. Each operation requires the electric sig- 
nal to pass along the wires that connect the 
two rows of bistable circuits. 


HOW A SUBTRACTION IS PERFORMED—A 
simple principle is used to make subtractions. 
Assume that it is desired to subtract 8 from 
22 using the decimal system. Instead of writ- 
ing (22 — 8), the expression (22 — 10 + 2) 
could equally well be written; that is, the 
complement of 8 which is 2 could be added 
to 10 and 10 could be subsequently sub- 
tracted. The same can be done in the binary 
system, where the complement of a number is 
obtained by changing the 1s into Os (and 
vice versa), although the value of the adjacent 
digits must be accounted for. Without going 
into the details of this operation of writing 
the complement, the operation taken as an 
example is carried out as follows: 


22 010110 binary equivalent of 22 

—8 + 111000 binary complement of 
00100 (— 8) 

= +14+ 001110 binary equivalent of 14 


In the last line of the schematic representa- 
tion of this operation, which represents the 
result of the subtraction, there also appears 
a digit that has to be canceled because it 
was introduced in obtaining the complement 
of the number 8 in the binary system. 


THE BINARY CIRCUIT—This circuit, made up 
of miniaturized components, is capable of 
carrying out highly complex operations. The 


four cylindrical containers (whose diameter 
does not exceed one centimeter) at the top 
enclose tens of transistors, diodes, resistors, 


and condensers of minute dime 
devices are known as integrate 


COMPUTERS—III | "e 


The storage or memory component of a 
computer is à major subsystem that ranks 
along wi! ‘he arithmetic and logic com- 
ponent i^ * portance to the overall Sys- 
tem. Th ability of the memory com- 
ponent mines the capacity of a 
comput: fact, an electronic computer 
may we sess an arithmetic and logic 
unit tha: ies out calculations with ex- 
ception: ed, but this speed is of little 
use unl. computer also has a com- 
ponent in supply the data to the 
logic w d extract the results at the 
same h sed, 

The : y component of a computer 
thus h: function of storing numeri- 
cal dat ifferent types (input data, 
results ictions ). Its most important 
charact ; are capacity (the capa- 
bility o ng a large quantity of data) 
and a speed (the capability of 
rapidly cting the stored data). A 
large p: ! the progress that has been 
achieve he construction of automatic 
comput iring the last few decades is 
the dir sult of the development of 
better ry components. 

The ruction of memory circuits 
may hy d on any one of three prin- 
ciples: tronic, optical, and mag- 
netic, A 'e systems memorize or store 
number t are expressed in binary 
form. ries of the electronic type 
store t} vary number (which consists 
only of digits 0 and 1) by means of 
the sta! : circuit. For example, a bi- 
stable « it can contain either of these 
binary s according to its particular 
state o induction. Memories of the 
optical ' store numbers through the 
presence the absence of a black spot 
on a sheet of transparent material. The 
Presence of a black spot at a particular 


point of the transparent surface means 
the digit 1, while the absence of such a 
spot means the digit 0. The presence or 
the absence of the spot is detected by 
Scanning the transparent material with a 
beam of light. 

Memories of the magnetic type are the 
most widely used. They are based on the 
magnetization of a portion of magnetic 
material. The presence or the absence of 
magnetization, respectively, indicates the 
digits 1 and 0. Other systems exploit the 
direction of the magnetization with re- 
Spect to a reference direction rather than 
the presence or absence of such a mag- 
netization. 


ACCESS TO THE MEMORIES 


Memory systems are classified in many 
ways. One important method classifies 
memories according to the manner in 
Which the memory is used; that is, ac- 
cording to the access system. Three types 
of memories belong to this category. One 
type is represented by memories with 
random access in which the numbers can 
be written (or read) in any position what- 
soever. This type of memory system can 
be compared to a box of cards with a 
number written on each card. The cards 
are not ordered in any particular way, so 
before any particular number can be 
chosen, its position must be known. This 
position can vary from one instant to an- 
other during the operation of the com- 
puter. A second type is represented by 
memories with periodic access. They con- 
sist of continually rotating disks or cylin- 
ders (Illustration 1). The numbers are 
written in one of the several methods dis- 
cussed earlier (for the most part mag- 
netically). The number can only be read 
when the rotation of the disk or the cylin- 
der brings it to the fixed position of the 
magnetic reading device. The number 
will appear within the period of time in 
which the disk makes a complete rota- 
tion. The average waiting period for a 
particular number is equal to half the 
time needed to carry out a complete ro- 
tation. The name of these memory sys- 
tems is derived from the fact that the 
numbers appear periodically at the read- 
ing device. 

A third type of memory consists of the 
so-called sequential memory system. The 
numbers of such systems are written in 
sequence, for example, on a magnetic 
tape (Illustrations 2 and 3). Before a 
number can be read in this system, the 
tape must be unwound up to the point 
where the particular number is written. 
Although these tapes unwind at a speed 
of 2.5 m/sec (about 100 in./sec), their 
great length (a little less than 1 km— 
about 0.6 mi) means that the time re- 
quired to look for a number will be sub- 
stantially longer than the corresponding 
time required by the other types of mem- 
ories, This disadvantage is compensated 
for by the fact that such a tape can con- 
tain tens of millions of bits of informa- 
tion. 

In computer construction, a widely 
used storage combination is a random (or 


periodic) access system for the fast mem- 
ory element, and a sequential memory 
system, usually consisting of a magnetic 
tape, for the slow auxiliary memory ele- 
ment. The exact type of memory and its 
construction details depend not only on 
technical requirements, but on the cost— 
which can be quite high. 

Memories can be classified according 
to the manner in which the search for the 
data is organized. One way to organize 
the search is to know where the particu- 
lar information is written and to look for 
it at the point where it is to be found. 
A memory with random access, for ex- 
ample, is divided into many small cells. 
Each of these cells is characterized by 
a location number and can contain a 
stored number. Therefore, an order can 
be given to read the number that is to be 
found in a specified cell. This situation 
is analogous to looking for the informa- 
tion written on the nth card in a box that 
contains a large number of cards in nu- 
merical order and can be thought of as a 
search by location. 

À second type of organization for read- 
ing, or search, is based on content. In this 
method, the type of content to be found 
in a particular memory cell determines 
the search. This type of organization is 
often used in handling commercial data 
and can be thought of as a search by sub- 
ject. For example, if a memory contains 
data relating to persons whose names are 
available, the computer can read all the 
data corresponding to a certain name. 


THE CHARACTERISTICS OF THE 
VARIOUS TYPES OF MEMORIES 


From the preceding discussion, it is clear 
that the choice of the type of memory 
that is designed for a particular computer 
is extremely important. A reel of mag- 
netic tape can store 50 million binary 
numbers, which can be read at an aver- 
age rate of 2.5 m (about 8 ft) of tape 
per second. To accomplish this rapid tape 
reading with the density of data indi- 
cated, the electronic and mechanical en- 
gineering of the computer and its tape 
transport system must be of the highest 
quality and capable of starting and stop- 
ping within a millionth of a second. 

For example, a magnetic memory with 
ferrites (Illustration 4c) can contain a 
million binary numbers or bits and can 
be read in less than 0.000001 sec. Cylin- 
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der or disk memories can store five mil- 
lion binary numbers and can be read in 
little more than 0.0001 sec. The fastest 


THE CYLINDER MEMORY — The operating 
principle of a magnetic memory cylinder is 
shown in Illustration 1a and a magnetic mem- 
ory cylinder, in Illustration 1b. The cylinder 
rotates at high speed. Its surface is covered 
with a magnetic material. When a magnetized 
point passes under the magnetic reading de- 
vice, the device produces an electric signal. 
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THE MAGNETIC TAPE MEMORY—This illus- 
tration shows the magnetic tape that stores 
the numerical data in sequential form. It con- 
sists of a plastic tape covered with a layer 
of magnetic material (iron oxides or cobalt- 
nickel alloys) in powder form mixed with an 
organic substance that binds it to the tape. 
The tape in this illustration has a width of about 
25 mm (about 1 in.). 
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memories of all memories are those of the 
magnetic type with an integrated circuit. 
These memories can store up to 16 binary 


^ 


numbers per unit (a memory may con- 
tain tens of thousands of such units) and 
can be read in an extremely brief time— 


THE THIN FILM MEMORY—The binary digits 
0 and 1 can be written by using the direction 
of magnetization of a thin layer of a magnetic 
substance that is arranged between reading 
and writing wires. Although a ferrite ring has 
a diameter of 2 mm (about 0.1 in.), the mag- 
netic material needed to write binary digits 
in thin film is a square having a side of a 
few hundredths of a millimeter. The first eight 
cases shown illustrate the successive situa- 
tions found in a small piece of memory film 
when various problems of reading and writing 
are being performed. An assembly of thin 
film memories capable of storing 16 bits is 
shown in Illustration 3i. This group of memo- 
ries occupies a space that is about 100 times 
smaller than the space that would be oc- 
cupied by a corresponding memory unit in 
any other system with random access. 


on the order of 0.000000001 sec. 


Optica! :wmory systems are under de- 
velopment lu view of their particular 
potential |: saving time and money, it is 
expected t.“ interesting applications will 
be found ‘hem in the future. 

In desi; » a memory unit, the cost of 
4 
THE FERF 1NG MEMORY—A ferrite ring 
(sintered | xide) can be magnetized in 
the manne ated in Illustrations 4a or 4b. 
These tw ;osite magnetizations can be 
used to r ^t the binary digits 0 and 1. 
A ferrite : emory consists of many rings 
like the « sown, and its general appear- 
ance is si : Illustration 4c. The rings are 
held toget! à large number of wires that 
carry the vot to read, write, and cancel 
the binary > codified as magnetizations. 
The rings he memory are arranged in 
square ma s that can be seen in Illustra- 
tion 4d. Thy »mory of a computer may con- 
tain, for « Je, 25 matrices of 4,000 rings 
each; this of 100,000 rings can be used 
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the unit and the cost of the assembly re- 
quired to store a standard number of 
memory elements are important factors. 
Random access memories are the most 
costly, while magnetic tape memories are 
the least expensive. However, the former 
are more desirable when, apart from any 


to write a similar number of binary digits. 
The procedure for writing in the ferrite rings 
is shown in Illustration 4e, as a ring in which 
the direction of the magnetization corre- 
sponds to the digit 0. Four wires pass through 
this ring; x and y are the magnetization wires, 
and y' is the inhibition wire used to write the 
digit 0. An additional wire S serves to read the 
electric signal associated with the presence 
of the digit 1. 

The arrow that indicates the direction of 
the magnetization (Illustration 4e) at the same 
time indicates that the ring contains the digit 
0. If an electric signal is sent through wires 
x and y in the direction indicated by the ar- 
rows in Illustration 4f, the state of magnetiza- 
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other considerations, the objective is a 
versatile memory that will permit rapid 
operation of the arithmetic and logic unit. 

Information-processing networks are 
expected to have an influence on human 
activity comparable to advances in trans- 
portation and communication. 


tion will not be altered and no pulse will be 
transmitted by wire S. The lack of a pulse in 
this wire, when interrogated through wires x 
and y, means that the digit 0 is written in the 
ring. 

When the digit 1 is written in the ring (as 
shown in Illustration 4g, and with a magnetiza- 
tion in the opposite direction as indicated by 
the arrow), the arrival of a pulse in x and y 
causes an inversion of the magnetization (dot- 
ted arrow), and this causes a pulse to be 
transmitted along the wire S. This pulse, when 
simultaneous with the interrogation pulses in 
x and y, indicates that the digit 1 was written 
in the ferrite ring. Reading and writing in other 
cases are effected in an analogous manner. 
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COMPUTERS-IV | 


An understanding of the operation of 
some automatic computers depends on 
an appreciation of how numbers are “con- 
ceived" inside them. Assume that a per- 
son wants to carry out a simple addition 
with the help of paper and pencil. He 
writes two numbers down, placing one 
above the other in correct one-to-one 
digit correspondence. He then sums the 
two digits on the right, remembering any 
carryover there may be, and continues by 


ANALOGUE REPRESENTATION OF NUMBERS 
— The numbers 0 to 9 can be adequately rep- 
resented by a voltage. For example, this volt- 
age can have values between 0 and 9 volts; 
6 volts can then represent the number 6, 5 volts 
the number 5, and so forth. Unfortunately, 
however, this system of representation is not 
suitable for a large numerical computer be- 
cause it requires a measuring instrument for 
ascertaining the voltage every time a digit is 
presented for interpretation. However, there 
are types of computers—called analogue com- 
puters—in which the digits are effectively 
represented by means of voltages proportional 
to the value of the numbers represented. 


HOW A DIGIT IS INTRODUCED AND REMEM- 
BERED—lllustration 3a shows how the digit 
“0” or the digit "1" is propagated along an 
electric line. A battery is connected to a wire 
through a switch. If the switch is closed, one 
pole of the battery is put into contact with 
the wire. The wire thus has a voltage with 
respect to ground (the other pole of the bat- 
tery is connected to ground). If the switch is 
left open, contact is not made, and there is 
no voltage in the wire. A mechanism like this 
can be useful for introducing data into the 
computer (provided they are introduced in 
binary form). Suppose that the switch is con- 
Structed so that it remains in whatever posi- 
tion it is put, until such time as this position 
is changed by some other positive action. In 
this case, after the switch has been closed 
only once, it will continue to maintain contact 
between the battery and the wire. If it is not 
closed, on the other hand, the wire remains 
uncontacted. 

The part of the computer called the arith- 
metic unit contains a large number of elec- 
trical devices, which operate in a manner 
analogous to that of the switch described in 
Illustration 3a. However, these devices consist 
only of electronic components such as diodes 


the brain-still 


adding this carryover to the two digits 
immediately to the left, and so forth. At 
each step his brain performs some com- 
plicated operations. For example, the 
brain begins by commanding the eyes to 
search for the two numbers on the sheet 
of paper; then it interprets the form of 
the writing to identify the numbers 
(which may be illegible or poorly writ- 
ten); and, finally, it recalls the digits 
until it has succeeded in finding the sum 


the superior instrument 


by a mental process that is not yet under- 
stood. In writing the sum, the fingers are 
commanded by the brain to move in a 
certain manner. The writer thereby ob- 
tains a double advantage by using paper 
and pencil—showing the final result, and 
remembering the summed digits as he 
completes the others. At the present level 
of technology, to hope that an electronic 
computer can be constructed with the 
intelligence of a human brain or with the 


BINARY REPRESENTATION—A very practical 
and reliable system can be used to represent 
numbers—the binary system. In fact, the bi- 
nary system of numeration makes use of only 
two numbers, zero and unity, and these can 
be represented by means of just two voltage 
signals. Suppose that at a certain moment of 
time the binary digit “1” must be transmitted 
from one part of the computer to another. At 
that instant a voltage is made to appear on the 
transmission wire—say 3 volts. The presence 
of this voltage means that the digit “1” is 
being transmitted, and the absence of a volt- 
age means that it is transmitting the digit "0." 
This system is convenient and practical. For 


and transistors. The circuit that fulfills the 
function of a two-way switch is called a binary 
(or "'flip-flop") circuit. This type of circuit is 
created by means of an electromagnetic relay: 
electromagnets, vacuum tubes, transistors, or 
circuits of microscopic dimensions containing 
minute transistors invisible to the naked eye. 
The operational principle is the same for all, 
and it is illustrated here (Illustration 3b) in a 
case where the operative device is an electro- 
magnet. 

The piece of iron a is placed between two 
electromagnets b and c. These electromag- 
nets are supplied with voltage from the same 
Source through the wires d and e. The wire d 
is directly connected to one end of the wind- 
ings of the magnets; the other end carries the 
voltage through a switch that is operated by 
the suspended piece of iron. If this switch, 
shown on the left in the illustration, is closed 
while a is in contact with the solenoid b, the 
solenoid b is energized, attracting a to this 
electromagnet. Therefore, the piece of iron 
changes position every time a voltage pulse 
is sent to the ends of d and e. In doing so, it 
operates the switch f, which will be open or 
closed according to the position of the piece 
of iron. 


example, suppose that the digit “1” is to be 
transmitted along different lines and at vari- 
ous times during the day. The computer oper- 
ator is not always required to use a voltage 
of exactly 3 volts. In fact, it is permissible 
for the signal transmission voltage to be 
greater than about 3 volts without exceeding 
4 (which might damage the equipment). Under 
these conditions the ‘digit is correctly trans- 
mitted. This is a substantial improvement over 
the analogue system in which the exact values 
of voltage are required in order to distinguish 
the various digits without fear of error. The 
need for such exact voltages, of course, leads 
to complications. 


0 volts 


time 


3 volts 


time 


Illustration 3c depicts the principle of the 
binary circuit, represented here by a box con- 
taining the electric system. The makeup of this 
System is not important here; knowledge of 
how it operates is sufficient. Two wires enter 
the box from the left and another two wires 
leave it from the right (the two wires are de- 
picted here by a single line). At the beginning 
(Illustration 3c’), there is no voltage either on 
the right or on the left. In Illustration 3c" a brief 
voltage signal is sent from the left (equivalent 
to saying that the digit “1” has been written 
in the binary circuit). This is a state of the 
binary circuit (light-colored box) that will mod- 
ify its subsequent behavior. For the moment, 
no voltage appears on the right. In Illustration 
3c™ another voltage signal is sent from the 
left of the binary circuit. A voltage now ap- 
pears on the right (and the circuit returns to 
mark “0”). If the voltage pulses from the left 
are continued, a voltage will alternately appear 
and disappear on the right of the binary circuit. 

The most important basic arithmetic func- 
tions are carried out with a binary circuit: re- 
membering a number, adding two numbers, 
subtracting them, and counting pulses. These 
operations form the basis of calculation, and 
the binary circuit is, therefore, very important. 
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ON OF BINARY CIRCUITS—The 
ronic computer was constructed 
! World War II. Before that time 
been made to construct a com- 

help of electromagnetic relays 
vith binary circuits operated by 
s like the one described in the 
ustration 3. The only electronic 
vailable then were vacuum tubes, 
down frequently. Indeed, scien- 
extremely difficult to obtain a 
pable of operating for a long 

without being incapacitated by 
component parts. This type of 
ned as many as 18,000 tubes. 


verform its many functions is 
xy. In a computer, both the 
n of the digits and their subse- 


A binary circuit constructed with the help of 
& vacuum tube is shown in Illustration 4a. 

The introduction of transistors (Illustration 
4b) led to considerable advantages in the con- 
struction of binary circuits for computers. 
Some of these include greatly reduced volume 
(about a thousand times less), much smaller 
dissipation of heat, greater reliability, and 
longer life of all the components. In fact, while 
a vacuum tube has a life of about 2,000 to 
3,000 hours, a transistor can operate reliably 
for 50,000 hours or more. 

Possibly the most important step forward in 
the development of electronic computers was 
the introduction of the miniaturized integrated 


quent elaboration must be done in a man- 
ner much simpler than that used in the 
processes of a human brain; on the other 
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circuit, an example of which is shown in Illus- 
tration 4c. It consists of a thin plate of insulat- 
ing material on which the various materials 
needed to make up the transistors, resist- 
ances, and capacitors of the various circuits. 
are deposited by a process known as vacuum 
deposition. The photograph shows a miniature 
binary circuit. It consists of as many as 13 tran- 
sistors and about 30 other components, all 
arranged within the space of 0.5 mm? (about 
0.0008 in.?). The' characteristics of these cir- 
cuits permit the construction of large-capacity 
computers with extremely high calculation 
speeds in a comparatively small volume. 


hand, technology does permit these sim- 
ple functions to be performed very rapidly 
and in enormous quantity. 
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COMPUTERS—V | 


If an automatic computer is regarded as 
a human being capable of thought, its 
components handling the input and out- 
put of data may be regarded as its or- 
gans of speech. To obtain maximum ben- 
efit from a computer, these means of 
communication must be as efficient as 
possible, Just as human beings through- 
out the world use their organs of speech 
in special ways to communicate in the 
language of their region, the input and 
output components of computers are 
specially adapted in various models to 
fit particular conditions of use. Enor- 
mous progress has been made in the con- 
struction of input and output compo- 
nents since the first automatic computers 


I 
OUTPUT BY MEANS OF COUNTER — The 
simplest form of displaying the output data 
of a computer is the electro-mechanical 
Counter. It operates in a manner analogous to 
that of the speedometer of a car; the only dif- 
ferences are that the "wheels" of a computer 
are rotated by an electric command and are 
independent of each other. The results of a 
calculation, therefore, cause the “wheels” to 
rotate until the counter displays the data. 
This rather slow and primitive system is 
used for display of the output data of naviga- 
tional computers that are associated with di- 
rectional gyroscopes. Once these instruments 
receive the coordinates of the point of depar- 
ture as input data they are capable of evaluat- 
ing the changes in the latitude and the longi- 
tude of the vehicle in which they are installed. 
The calculation, which is based on the mo- 
tion of the vehicle, takes place in digital 
form. The result consists of two numbers, the 
latitude and the longitude, as shown above. 
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input and output 
components 


were produced, and this has led to a con- 
siderable improvement in overall com- 
puter performance. 

When using a computer it is extremely 
important to be able to introduce and 
extract calculation data adequately, For 
example, some problems require only 
small quantities of input data. In this case 
there is no need to have input compo- 
nents capable of operating at great speed. 
In other cases, as happens often in the 
commercial world, the input consists of 
great quantities of numerical data. It is 
then essential for input systems to com- 
municate at great speeds between the 
external data store and the computer. The 
case for output systems, which display 


the results of the calculation: 


pletely analogous. The qua) 
put data is usually rather ¢ 

quires special devices to re: 

needed to write the result 

for example, the output da 

be a graph. It is then conve: 
the computer to an instrur: 

the graph directly from the 
result that the computer ! 
On the other hand, in m: 

quite sufficient to be able t 
sults. 

The illustrations accom 
article show and describe 
input and output compo: 
electronic computers. 
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THE TYPEWRITER-TAPE CONSOLE—This is 
an efficient system for introducing data into 
a computer and recording output. 

The apparatus has the general appearance 
of an electric typewriter. However, depressing 
a key not only causes the corresponding letter 
or digit to be printed on a sheet of paper but 
also produces a codified electric signal that 
serves as computer input. Also, an output sig- 
nal received from the computer causes move- 
ment of the appropriate key and printing of the 
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corresponding symbol onto pa; 
is referred to as the printout. 7 
which a console receives or tra 
rather low—not more than seve 
per second. The console is a : 
of communicating with the come 
the amount of input and outp 
tively small. The console was 
the past and is still used with | 
It is especially useful as a rer 
time-sharing systems. 
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JTS AND OUTPUTS—II- 
faster input and output 
e system. The data are 
mputer by means of a 
rator types the data on 
and the signals pro- 
n of the keys are sent 
orator then commands 
e the paper tape. This 
rmed by the operator 


as slowly as desired. The tape is then trans- 
ferred to the tape-reading component of the 
computer. Here, the tape runs past a reading 
device consisting of a light bulb and a number 
of photoelectric cells. The beam from the bulb 
is perpendicular to the tape, through which the 
beam must pass in order to reach the photo- 
electric cells. Each time a tape hole passes 
between the beam and a cell, the latter emits 
an electric signal that, together with all other 


signals emitted by the same row of holes, is 
interpreted as a symbol (alpha-numerical data 
or instruction). When the computer outputs its 
results on tape, it sends corresponding elec- 
tric signals to the perforator and activates it. 
Illustration 3b shows a perforator capable 
of punching 1,200 rows of holes per minute. 
Although this is a high-speed operation, it is 
slow in comparison with the speed of the 
computer's arithmetical operations. 


INPUT AND OUTPUT BY MEANS OF 
PUNCHED CARDS — Punched cards provide 
a convenient input and output system. This 
system has a limited reading rate of 1,000 
cards per minute and a punch-processing 
rate of 350 cards per minute. Punching and 
reading of the cards are effected in exactly 
the same manner as in the case of the tape. 
The only thing that changes is the actual for- 
mat of the paper on which the reading and 
the punching are carried out. Different types 
of cards are used and they generally accom- 
modate from 80 to 90 columns of writing. The 
illustration shows a card reader and punch 
that is connected directly to the computer. 
The device reads the cards to input the data 
and outputs a result by perforating it on a 
card. This machine is an outstanding example 
of modern mechanical engineering. One of its 
advantages is the exceptional speed with 
which it accepts cards and yet diagnoses 
errors they may contain. It passes the cards 
in front of the reader in perfect synchroniza- 
tion so as to detect and signal all errors. 
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DISPLAY BY MEANS OF A CATHODE RAY 
TUBE—!In many cases it is desired only to 
see the numbers being used in calculations 
or stored in the computer memory—without 
need to write them. The cathode-ray-tube dis- 
play is an extremely economic, rapid, and 
efficient means of achieving this end. This 


system can also be used to display the output 
results themselves. 

Illustration 6a shows a cathode ray tube. In- 
side this tube is an electron gun 1 that sends 
a lárge beam 2 of electrons through the de- 
flector plates 3 to the mask 4 containing 
punched openings in the form of various let- 


MAGNETIC TAPE—This is a n 
used for storing data or instru 
serves as an extremely import: 
rapidly inputting data into the 
obtaining the results. Magnetic 
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are used to select both the character desired 
for projection and the position in which it must 
be displayed on the screen. 

Illustration 6b shows a system used to ob- 
tain the presentation of several decimal figures 
and alphabetic characters on the same screen. 
The screen here projects the characters that 
correspond to the result of a computer opera- 
tion. 
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When a computer is em- 


ae for st commercial calculations as 
are required f ayrolls, production statistics, 
invoices, and iorth, it will generally have 
to carry out o : few operations for each in- 
dividual item » output data. In such cases 
it is also de 3 for the results to be re- 
corded on fo: yat can be distributed to the 
various indiv concerned with the results 
of the calcu! Some of today's advanced 
printers are je of printing as many as 
2,000 lines p ute, with each line contain- 
ing 88 cha Slower printers in more 
common usc roduce up to 200 characters 
per line. A ple is the chain, or belt, 
printer, in w è set of characters is dis- 
tributed alor endless belt or chain that 
continuous! əs past the print. Conse- 
quently, all characters in the set are 
presented tc rint position as the drum or 
chain make evolution. With a numeric 
character technique allows for print- 
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THE X-Y PLOTTER—When the results of a 
calculation performed by a computer are the 
tabulation of a function, the output generally 
Consists of a long string of numerical data that 
5 Not easy to interpret at a glance. Efforts 
thar therefore, been made to design a system 
gr Hm Capable of using the output results 
fin te automatic plotting of the curve of the 
i ction. This method provides a graphic dis- 
eae the results and enables immediate 
h Ntification of any critical points that may 
ave to be analyzed in greater detail in the 


per column. Other, faster, "nonimpact" types 
of printers use special paper, which is electro- 
or photosensitive; such printers employ vari- 


course of a subsequent study. This device, 
which is capable of plotting any function tab- 
ulated by the computer, is known as an x-y 
plotter. It consists of either a large board, a 
rotating drum, or a paper handler and a pen 
that can carry out movements in two orthog- 
onal directions. A special device converts the 
numbers received from the computer into the 
displacements that the pen must make along 
the two directions; another device then con- 
trols the corresponding movements. 


ous types of optical systems to transfer the 
image onto paper. The illustration shows a fast 
printer in operation. 


ANALOG DISPLAY—The x-y plotter must over- 
come inertia in order to plot a curve; there- 
fore, its speed remains necessarily rather 
limited. A more rapid method of achieving the 
same result is obtained by using an electron 
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beam instead of a stylus pen. A device that 
converts numerical results into linear displace- 
ments is used to control the movements of an 
electron beam in a cathode ray tube. The re- 
sults can then be displayed on a screen. The 
electron beam has an extremely small inertia, 
making it possible to plot the desired curve 
at great speed. It is also possible to vary the 
intensity of the electron beam to obtain the 
effects of thin or heavy lines. The data obtained 
from actual measurements at particular points 
in the atmosphere can be combined by inter- 
polation to plot complete isobaric or isothermic 
lines. Maps can also be plotted from photo- 
graphs, using measurements of the intensities 
of the light and dark areas, The plotted curves 
resulting represent lines joining points of equal 
intensity of exposure on photographic plates, 
This instrument, when combined with others 
that enable rapid input of data into a digital 
computer, makes it possible (once a standard 
program of solution has been compiled) to use 
the computer for direct display of complex 
scientific studies without further intervention 
of the human operator. 
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CHARACTERISTICS 


Modern electronics could never have 
come into existence without two funda- 
mental components that are used in 
even the most elementary circuits, the 
diode and the triode. These electronic 
components act on electric currents cir- 
culating within the evacuated space of a 
glass bulb. The diode permits the passage 
of the electric current in one direction 
only; the triode amplifies electric current. 
Both kinds of vacuum tubes have now 
been replaced in many applications by 
crystal diodes and transistors, which have 
the same functions but involve the pas- 


THE THERMIONIC EFFECT — The thermionic 
effect consists of an emission of electrons 
from the surface of a metallic body that is 
heated. The effect was discovered by Thomas 
Alva Edison when he placed two electrodes 
in an evacuated glass bulb. He observed that, 
when the filament constituting one electrode 
was lit, the second electrode became elec- 
trically negative with respect to the first. This 
illustration shows Edison's famous experiment. 
When an electrode is placed inside a glass 
bulb in which a vacuum has been created—it 
is desirable for the pressure to be reduced to 
less than 0.00001 mm (about 1075 in. of mer- 
cury)—and a current is passed through it in 
Such a way as to make it become incandes- 
cent, the electrons emitted by the electrode 
become arranged in the form of a cloud 
around it. The electrons are emitted at a low 
speed; some of them strike the electrode op- 
posite the glowing filament and are deposited 
on it. As a result, the receiving electrode be- 
comes negatively charged, and at a certain 
point it becomes so negative that it repels 
any further electrons on their arrival. At this 
point all the emitted electrons remain in the 
space between the filament and the other 
electrode; some of them even move back 
toward the filament. A state of saturation has 
been reached when this condition exists. 

The potential of the second electrode, which 
is negative with respect to the filament, can 
be determined by means of an electrometer 
connected as shown in this illustration. 


sage of current through a solid of special 
composition instead of through a vacuum. 


2 
THE DIODE—The experiment carried out by 
Edison suggests an important application: if 
the filament and the additional electrode 
(the plate) inside the evacuated bulb are con- 
nected to a voltage generator, rather than to 
an electrometer, the plate becomes positive 
with respect to the filament and continues to 
attract the electrons emitted by the filament. 
The electric current in the external circuit is 
propagated in part through the conductors 
constituting the circuit and in part through the 
vacuum inside the glass bulb. 

Illustration 2a shows a diode vacuum tube, 
with cutaways to reveal the details of con- 
struction. The diode depicted is one commonly 
used for rectifying electric currents. The fila- 
ment is arranged at the center of the tube and 
parallel to its axis; the electrons emitted by the 
filament are collected by a cylindrical plate 
that is mounted in such a way as to be coaxial 
with the filament. 

illustration 2b shows some common types 
of diodes, including some small ones suitable 
for use in portable instruments. Such instru- 
ments often require that electronic compo- 
nents occupy a minimum of space, be light in 
weight, and consume small amounts of energy. 
Diodes used in fixed installations (radio trans- 
mitters, radar equipment, and so forth) have 
to handle large amounts of power and high 
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a one-way street 
for electrons 


In spite of the fact that crystal diodes 
and transistors are now being used on a 


voltages; therefore, they have much larger 
dimensions. 

If the diode is supplied with current in the. 
manner shown in Illustration 2c, the plate be- 
comes positive with respect to the filament 
while the alternating voltage is passing through 
its positive phase only—in this case, for ex- 
ample, just once in every cycle. The current 
in the plate circuit is, therefore, an intermit- 
tent current consisting of individual pulses (as 
shown in the diagram). Because the diode al- 
lows the current to pass in one direction only, 
this tube is employed as a current rectifier, 

Illustration 2d shows why the diode is some- 
times called a valve. Here, an electric con- 
ductor is interrupted by a diode. An alternat- 
ing voltage is applied to the terminals of the 
conductor, but the presence of the diode keeps 
the electrons flowing in one direction only, 
the direction indicated by the arrow. 

A simple hydraulic analogy may help explain. 
the designation valve. In the analogy, a piston 
is placed inside, and at the left end of, a tube. 
The piston, when it is moved forward and back- 
ward, acts as a suction and pressure pump, 
lifting water from the reservoir below the tube. 
The piston would move this water forward and 
backward along the tube to the right if it were 
not for an open valve (at the center of the dia- 
gram). The presence of this valve keeps the. 


water flowing from the left to the right only— 
in the direction indicated by the arrow below 
the tube. 

The diode is sometimes called a valve be- 
cause it produces the same effect in an elec- 
tric circuit as a check valve produces in a 
water main. More complex electronic tubes 
can also be compared to hydraulic valves that. 
perform the same operations on the water as 
the tubes perform on the electric currents. 

The physical characteristics of a diode af- 
fect its electrical behavior; an example of this 
is the discharge phenomenon associated with 
inverse voltage. A diode generally permits the 
electrons to flow in one direction only, but if 
the voltage between the filament and the plate. 
(with the plate negative) becomes too great, à 
discharge may cause electrons to flow from 
the plate to the filament. In theory the dis- 


large scale and a number of other com- 
petitors to the vacuum tube are emerging, 


they have not completely replaced vac- 
uum tubes i» all applications. For this 
reason, as We!! s for their historical im- 
portance, an v2.2 rstanding of electronics 
is incomplete © out a study of the func- 
tioning of : fundamental vacuum 
tubes as the le, the triode, and the 
pentode. 


ghergo occurs only at very high voltages (many 
housands of volts), but in actual practice it 
can also occur at much smaller values. 

The dimensions of the diode influence this 
phenomenon, If (as shown in Illustration 2e) 
e. Pins (contacts) of the diode are too close 
ee other, the discharge may occur be- 
pu T two adjacent pins. If the tube is dirty, a 
Fat electron flow may occur along its exter- 
eiecit abe, because the dirt particles are 
that iene conductors. The maximum voltage 
aa He diode can maintain between the plate 
IRR le filament without conducting current 
Valiag Wrong direction is known as the inverse 
th ge of the diode, and it is an important 

‘aracteristic to be considered in selection 
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x odes have inverse voltages greater than 
se that can be sustained by crystal diodes. 
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THE CHARACTERISTIC CURVE OF THE DI- 
ODE—In Edison's experiment, the plate col- 
lects the electrons emitted by the cathode 
(the filament), even when no voltage is arti- 
ficially established between the two electrodes. 
In diodes, on the other hand, in order to main- 
tain a continuous current between these two 
electrodes, an artificial voltage must be estab- 
lished. How does the current vary in the plate 
circuit—the circuit that is closed by the vac- 
uum section between the plate and the fila- 
ment—of the diode when the plate voltage is 
varied (when the potential difference between 
the plate and the filament is changed)? 

Illustration 3a is a schematic diagram of the 
circuit in which variations of the plate current 
can be measured as the plate voltage varies. 
D is a diode and A an ammeter by means 
of which the current in the plate is measured. 
Plate voltage is supplied by a battery B 
through a variable resistance that acts like 
a voltage divider. A graph of the plate current 
can be constructed in the following manner. 
A very small voltage, nearly zero, is applied 
to the plate, and the ammeter is used to mea- 
sure the intensity of the current in the plate 
circuit. Then, the applied voltage is gradually 
increased; and, at each increment, the current 
is measured. 

The graph obtained is shown in Illustration 
3b. The intensity of the plate current is almost 
zero when the voltages are very small. Then, 
as the plate voltage increases, the current in- 
creases even more rapidly until it reaches a 
peak value and no longer increases (or in- 
creases by only a negligible amount), no 
matter how much the voltage is increased. 
The current can also become constant at a 
certain point, as shown in the curve drawn 
with a solid line. This is the case of a diode 
in which the filament consists of bare tung- 
sten. On the other hand, if the diode has 
a filament covered with metallic oxides, the 
plate current continues to grow as the voltage 
increases, although the rate of increase is less 
pronounced than before (dotted part of the 
curve). These curves are called the diode 
characteristics. The designer of a circuit must 
know these characteristic curves in order to 
establish the voltage V at which the diode 
must be operated if it is to permit the passage 
of a given current I, and is to function at its 
maximum efficiency. 

The diode characteristics change if the 
temperature of the filament is varied. The 
curves shown in Illustration 3c represent the 
characteristics of the same diode when its 
cathode (or filament) is heated to different 
temperatures. If the diode has a bare tungsten 
filament, the results are plotted as curves T, 
Ta, and Ts, all of which terminate in a flat line— 
that is, in a horizontal section. 
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Mlustration 3c shows how the diode func- 
tions in a regime of saturation. Illustration 3d 
is a characteristic curve corresponding to 
small values of the plate voltage. The first part 
of the characteristic curve corresponds to op- 
erating conditions known as the space-load 
regime. The algebraic function that describes 
this curve is the equation / = KV?^?, where I is 
the plate current, K a constant that depends 
on the nature of the surface of the cathode, 
and V is the plate voltage 

When the plate voltage is limited to small 
values, the electrons do not accelerate very 
rapidly in the direction of the plate, and they 
have time to linger in the neighborhood of 
the cathode. As all the electrons are negatively 
charged, they repel each other; because they 
are near the cathode, they tend to screen it 
from the plate potential. Additional electrons 
emitted by the filament tend to become par- 
tially reabsorbed by the cathode; but when 
the voltage difference between the plate and 
the cathode increases, the cathode gradually 
overcomes this effect of the electron cloud. 
If, for example, the plate voltage is increased 
nine times, nine times as many electrons must 
exist between the filament and the plate in 
order to produce a negative space charge ca- 
pable of neutralizing this voltage increase. If 
this were the only factor to consider, a given 
increase in the plate current could be pro- 
duced by a proportional increase in plate volt- 
age. However, if the plate voltage is increased 
nine times, the electrons strike the plate with 
a kinetic energy that is nine times as great as 
it was before—that is, with a velocity three 
times as great as before, because the velocity 
is proportional to the square root of the kinetic 
energy. The electrons of the cloud between the 
filament and the plate move three times as fast 
as before, and they remain in this space for a 
time that is proportional to the square root of 
the applied voltage. Taking into account both 
of these effects, the increase of the voltage 
produces an overall increase in the plate cur- 
rent proportional to 9* V9 = 9?? times the 
voltage increase. This reasoning explains the 
form of the characteristic curve of the diode 
when the plate voltage is insufficient to cap- 
ture all the electrons emitted by the cathode. 

The triode, a more complex vacuum tube 
that is derived from the diode, can be under- 
stood from a knowledge of the laws that gov- 
ern the operation of the diode. 


cy 


sese 


75 


DIPOLE CIRGUITS | 


A dipole is a system used in both physics 
and chemistry in which two poles, of 
equal magnitude but of opposite sign, are 
located a short distance apart. An under- 
standing of the properties and character- 
istics of dipoles brings the investigator to 
the problems of dipole circuitry and be- 
havior. This article examines the various 
physical combinations of dipoles neces- 
sary to create electrical circuits (and net- 
works ) and then examines their behavior 
when a current is passing through them— 
that is, when a certain voltage is applied 
to their terminals, Further on, it will be 
shown how this behavior makes possible 
the subdivision of the various dipoles into 
two broad categories, However, some pre- 
liminary remarks on dipoles are necessary. 

Dipoles can be connected in only two 
different ways: in parallel, or in series. To 
clarify this statement, suppose that a di- 
rect current is flowing through the circuit 
under consideration. In this case, the cur- 
rent in each dipole flows in one direction 
only and, more precisely, it passes from 
the positive pole to the negative one 
(terms established by convention), It is 
therefore said that dipoles are connected 
in series when the positive pole of each 
dipole is connected to the negative pole 
of the dipole that precedes it in the cir- 
cuit. They are said to be connected in 
parallel when the positive pole of one 
1 
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meshes, nodes 


dipole is connected to the positive pole 
of either the dipole that precedes it or 
the dipole that follows it (see Illustra- 
tion 1). In both connections, voltage and 
current remain the fundamental circuit 
parameters. When dipoles are connected 
in series, the current flowing through the 
circuit remains constant, while the volt- 
age between the terminals of a series of 
dipoles is equal to the sum of the individ- 
ual voltages between the terminals of 
each dipole. Conversely, when dipoles 
are connected in parallel, the voltage re- 
mains constant, while the current flowing 
in the circuits is equal to the sum of the 
currents flowing in the individual dipoles. 
In electric circuits (or in electric net- 
works), dipoles are generally connected 
in series as well as in parallel. 

Although the previous example was re- 
stricted to direct current, the same state- 
ment is also valid in the case of alternat- 
ing current-and nothing more has to be 
done than to introduce suitable extensions 
of direct current conventions. Everything 
stated here with respect to the behavior, 
properties, and laws of dipoles is always 
valid, irrespective of whether direct or 
alternating current is under discussion. 
Each particular case, furthermore, will 
show which conventions have to be 
adopted when alternating current rather 
than direct current is being used. An- 


PARALLEL AND SERIES CONNECTIONS—In 
the series circuit shown, several dipoles are 
connected one after the other (Illustration 1a). 
The generator is G, R a resistance, and U a 
load of any kind. The return part of the circuit 
is not shown. The current that flows through 
the various dipoles in the circuit illustrated is 
always the same and can be detected by 
means of the ammeter A. The total voltage V 


across the terminals of the circuit is equal to 
the sum of the partial voltage drops across 
the terminals of the individual dipoles which 
are recorded by the three voltmeters—V,, Vz, 
and V3. 

Illustration 1b shows a number of dipoles 
connected in parallel. The voltage applied to 
the terminals of each dipole is always the 
same as the voltage V across the terminals 


series, parallel, 


networks, 


other problem that will bc mined in 
detail is that of electric powe- ‘he power 
that comes into play wher urrent is 
flowing through a circuit- rdless of 
whether that current is a nating or 
direct. 

There are various sourc ‘lectrical 
power. For example, a cur: yenerator 
supplies electrical power t ircuit by 
use of a source that is diff: in nature 
from that of a battery. In f battery 
is nothing more than a part form of 
generator that transforms zy of a 
chemical nature into elect: ergy. On 
the other hand, an alternat enerator 
of alternating current) ins in a hy- 
droelectric power plant ma ve of the 
energy of falling water, u turbine 
to transform this energy i: otational 
energy. Within the circuit | the di- 
poles themselves, a large p: the elec- 
tric energy becomes trai ied into 
heat, which is energy. T! ergy, in 
turn, is either dispersed « oited in 
a more or less efficient m All the 
various forms of pow: hanical, 
chemical, thermal, and ele: co-exist 
in every circuit and are go by pre- 
cise laws as explained in i! on 2. 

In fact, voltage and « nay be 
used to describe the energy ;omena 
that characterize the prop nd be- 


havior of various types of « 


of the generator G. The current I leaving the 
generator divides into three different currents 
(ii, ia, and i), which flow, respectively, through 
resistances R,, Ra, and Rs and are recorded 
by the ammeters A;, A; and As. Electrical 
circuit branches can be connected both in 
series and parallel. 


THE MEANING 
pole, if it is to 
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ELECTRIC POWER—A di- 
smit a certain energy to the 


'RTANT DISTINCTION — The 
^; (see Illustration 2) depends 
id on the current, and is given 
P, = V+ I. The nonelectrical 
ther on the current or on the 
er simultaneously on both. 
he dipoles in which the en- 
nal to the current are referred 
dipoles. In the case of these 
ars P, and P, are given, re- 


circuit or receive energy from it, must either 
carry out a certain amount of work or have 


spectively, by the expressions P, = E+! and 
P, = v+ I. Although E and v are dimensionally 
equivalent to a voltage, they have different 
physical significances, The electromotive force 
E represents a source that consumes nonelec- 
trical power when supplying current to a di- 
pole, The voltage drop v produces heat if it is, 
in turn, applied to a dipole. Both E and v can 
be measured in volts with the voltmeter (see 
illustration 3a); v is applied to the terminals 


Py 


work performed upon it. If this work (which is 
usually measured in kilowatt hours; 1 kilowatt 


b P, 
Lr 
P, 
AMA 
Pa 


of R, which represents the resistance of the 
dipole through which a current I is flowing. In 
the case of a generator, on the other hand, v 
is of the opposite sign to E and the voltage 
V at the generator terminals is therefore equal 
to E — v. This fact also explains why the name 
voltage drop is generally given to v. 

Those dipoles in which the energy is pro- 
portional to the voltage are referred to as par- 
allel dipoles (see Illustration 3b). In this case 
the powers P; and P, are given by the expres- 
sions Pa = A* V and P, = i* V, where A and i 
are, respectively, the internal current and the 
internal current drop. These two magnitudes 
are perhaps more readily understood by refer- 
ring to Illustration 3b. The dotted line repre- 
sents the outer limits of a dipole that is being 
subjected to a current I and a voltage V. In 
this case A is of a nonelectrical nature, while 
i represents the current flowing through the 
internal circuit; the total current | will there- 
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KIRCHHOFF'S LAWS—An assembly v 

connected in various ways is norm«\ly called 
a circuit, although it would almos! -ways be 
more correct to use the term e' ical net- 
work. A network is formed of sev >i dipoles 
connected either in series or in pə 
characteristic elements can be 
in each electrical network: noc: 
and meshes. A node (branch 
in a network where the terminai at least 
three dipoles converge. A branc! etwork 
is formed by the dipole or the c : of di- 
poles contained between two c nodes. 
A mesh (loop) is a closed circuit 


equals 1,000 watts) is divided by the time em- work) can be summed in both these cases. 
ployed to carry it out, the value of the electric When a generator supplies a certain elec- 
power that a dipole supplies or consumes is tric energy to the circuit (Illustration 2b), it 
obtained. The energy that is induced when a develops some other forms of energy. Recall 
current is flowing through a circuit is distrib- here that physics teaches that energy can 
uted among the various dipoles. A generator neither be created nor destroyed—it can only 
is a dipole that supplies electrical power, be transformed. This generator, quite apart 
while a load will absorb power. from being involved in an exchange of elec- 

Illustration 2a shows a circuit made up of trical power P,, will therefore have to be sup- 
two generators G and G’ that are connected plied with a power P4 of some other nature— 
in series, and two loads U and U' connected chemical if the generator is a battery, or 
in parallel. If the voltage and the current are mechanical if the generator is a dynamo or 
kept constant, the power of the circuit will like- alternator, and so on. Because it is also capa- 
wise remain constant. The generators respec- ble of receiving power and can, consequently, 
tively supply powers of Pg and P’g, while the function as a simple load, the powers P, and 
two loads absorb powers of Py and P’y. These P, are indicated by means of small arrows 
powers, which are indicated by means of that enter and leave the generator. However, 
sinusoidal arrows, are characterized by the when the dipole is functioning—that is, when 
fact that they can be summed algebra- a certain current is passing through it—heat 
ically: Pg + P’g = Py + P'y or, by trans- will be generated in accordance with the Joule 
position, Pg + P’g — Py — P’y = 0. Unlike effect. The dipole must, therefore, dissipate a 
current and voltage, which can be summed quantity of heat into its surroundings; that is, 
only in series (the former) or in parallel (the it dissipates a power P, that is thermal in 
latter), the power (and, therefore, also the nature. 
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fore be equal to A — i. Therefore, even though means finding the values of all the v jitages 
A and i have the dimensions of a current, they and currents found within it. To this Ohm s 
have different physical significances because law is always used. The following two !aws are 
they use powers of different natures. also used and have the character oí funda- 
Ohm's law can be written in two general mental principles: the law of nodes and the 
forms. One of these forms (V + E = RI) is law of meshes. Both laws were first formulated 
valid for series dipoles, while the other form by G. R. Kirchhoff, a German physicist. The us 
(I + A = GV) applies to the case of parallel of nodes states that the sum of the ig 
dipoles. In these expressions R is the resist- that arrive at a node is equal to the sum of the 
ance of the series dipole and G is the con- currents that depart from it. Observe the en 
ductance (the inverse of the resistance) of the cuit shown in Illustration 4a. The Eau 
parallel dipole. In circuit connections, the se- and I, arriving at the node A combine to ps 
ries dipoles can be connected only in series the current Is. Similarly, at node B, the d i 
(see Illustration 3c), and those of the parallel rent l, becomes divided into I, and Is, an 
type can be connected only in parallel (see is impossible for any part to dissipate. in, Be 
Illustration 3d). However, it is possible to pass The law of meshes states that n, He 
from one type to the other by making use of given mesh the algebraic sum of the voltag 


Illustra- 
suitable conversion formulas in the calcula- across all of its branches is zero (see 
tions. tion 4b): V, + V2 + Vs = 0. 
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TILLATION | 


ratory, when a liquid has to 
by separating it from solids 
uids that may be dissolved 
nplest technique used is dis- 
: involves heating the liquid 
iverted to vapor and then col- 
ced vapor and recondensing 
ling system. This condensate 
f the nonvolatile substances 
contained. When distillation 
parate two liquids with, dif- 
;£ points, the process is called 
stillation; the terms "boiling 
vapor pressure" are used in 


LUMN—This is a glass tube con- 
hollow rings—Raschig rings. It 


purity achieved 
by vaporization 


the laboratory in defining this process. 

In a closed container, a liquid will 
evaporate until the vapor reaches a given 
pressure—the vapor pressure. This pres- 
sure is dependent only on temperature 
and represents the maximum limit of 
evaporation for that particular liquid at 
that particular temperature. Under these 
conditions the vapor is said to be satu- 
rated. Each liquid has a characteristic 
vapor-pressure value that depends on the 
nature of the liquid—its greater or lesser 
volatility-and is independent of the 
quantity of substance present. Vapor 


also has a double glass sleeve. 
WIDMER COLUMN — This modified Widmer 


pressure is almost always expressed in 
millimeters of mercury; that is, the length 
of a column of mercury able to exert the 
same amount of pressure. 

The vapor pressure of a liquid in- 
creases with increases in temperature. 
Heating water creates an increase in the 
evaporation rate. When the increase in 
temperature makes the vapor pressure 
equal to the external pressure exerted on 
a liquid, the liquid boils; that is, the equi- 
librium between liquid and vapor is 
broken, and the liquid passes completely 
into the vapor state, while the mass of 


column has a double glass sleeve and a spiral 
almost as long as the column itself. 
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DUFTON COLUMN—This is a glass tube con- 
taining a solid glass spiral wrapped around 
a glass rod. 


liquid releases characteristic bubbles of 
vapor. During boiling, just as during all 
changes in state, the temperature remains 
constant until all of the liquid has passed 
into the vapor state. At sea level, water is 
under a pressure of 1 atmosphere—equiv- 
alent to 760 mm of mercury. At 100^ C 
(212? F), the vapor pressure of water is 
equal to 1 atmosphere; therefore, the 
boiling point of water is 100° C. 

The more volatile a liquid, the higher 
its vapor pressure at a given temperature 
and the easier it is to reach the external 
pressure (thus, its boiling point). A char- 
acteristic example is ether, which has a 
boiling point of 35? C (95° F)—proof of 
its extremely high vapor pressure. 

From these properties, a solution can 
be purified of nonvolatile impurities. 
Moreover, if the boiling points of two 
nonvolatile liquids differ by more than 
80? C (144 ?F), their separation is easy; 
however, if the difference in boiling 
points is less than 80° C it is difficult to 
obtain two pure components. 


FRACTIONATING COLUMNS 


A frequent occurrence is the need to 
separate compounds that have boiling 
points within a few degree of each other, 
requiring the use of special apparatus. 
During distillation, the temperature of 
the glass container in which the mixture 
is boiling is always higher than the boil- 
ing point of the mixture. This facilitates 


and accelerates movement of the vapor, 
which would otherwise be very slow, 
through the apparatus being used. For 
two liquids with nearly equal boiling 
points, it is clear that even a slight ex- 
cess of heating would suffice to make 
both liquids boil and distill at the same 
time. Thus, fractionating columns are 
used, the principle being to make the 
vapors cover as much distance as possible. 
This enables them to recondense more 
easily after their contact with the cold 
walls of the columns and fall back into 
the distillation flask, while the more vola- 
tile substances are successfully distilled. 


In practice, the column causes a series 
of successive evaporations and condensa- 
tions, favoring exchanges of heat between 
the hot vapor rising up the column and 
the relatively cold liquid traveling down 
the column. The greater the contact area 
between liquid and vapor, the more ef- 
ficient the column. After leavir 
umn, the vapor passes throu; 
erant and then into collection vessels, 
The basic aim is to fractionate the two 
liquids by exploiting the minimal dif- 
ference in their respective vapor pres- 
sures, a difference that is utilized to great 
advantage by this technique, The more 


VIGREUX COLUMN—This is a glass tube, the 
walls of which have small indentations ar- 
ranged in a spiral manner and angled slightly 


downward so that they alm touch each 


other. 


stages of distillation and condensation 
the vapor undergoes, the more pure will 


be the total, recondensed, less-volatile 
liquid. In practice, special columns are 
used, sc imes 60 to 80 cm (about 2 
to 3 ft length. To allow for a very 
large c t surface between the liquid 
and va} side, these columns have var- 
ious co rations. The total surface thus 
offered 1e process is always greater 
than < e achieved with smooth, 
straigh nns, even though such col- 
umns i e as long as and less cumber- 
some t! :ose of varied configurations. 

The iveness of these special col- 
umns \ according to type. The Vi- 
greux in is moderately effective. 
Desig ith a lacelike pattem of de- 
pressic the column (or tube), it 
forces ipor through a very tortuous 
path. Dufton column, however, is 
much effective, It consists of a glass 
tube ning a solid glass spiral in 
contac h the tube wall, thus forcing 
the v up the spiral for a distance 
suffici or fractionation of the mix- 
tures ther variation is the Hempel 
colur hich is a simple tube filled with 
sma ow glass rings called Raschig 
ring: he rings are fitted very com- 
pacti hin the column, they provide 


an »ly large contact surface for 


the densation and distillation of the 
vap r this column, fractionation is 
son so effective that the column 
has heated by a glass heating sleeve 
cor g thermometers and electrical 
hea elements. This allows for heating 
the inn by the elements, as required, 
and so enables checking the tempera- 
ture with the thermometers fixed along 


the ve. A fourth example is the Wid- 
mer column, the basic configuration of 
which consists of a glass sleeve and spiral, 
creating a long vapor path and an ex- 
tended contact surface. 


USES OF DISTILLATION 


Besides its use as an indispensable lab- 
oratory technique, distillation is com- 
monly used in industry. Among its most 
recent applications is the desalinization 
of seawater to produce drinking water. 
Even though large industrial plants are 
engaged in this process, the principle 
used is the same as that used in the 
laboratory. Distillation techniques may 
also be applied to the problem of water 
pollution caused by industrial waste, even 
though modifications would be essential 
because of volatile chemical substances 
contained in the waste. 

Also noteworthy is fractional distilla- 
tion of liquid air. Liquefied at very low 
temperatures, air can then be distilled to 


obtain, individually, the gases present 
(nitrogen, helium, and so forth). The 
technical problem encountered here is 
the amount of cooling needed for con- 
densation of the gases at very low tem- 
peratures that are necessary. One solution 
would be to use the liquid air for cooling 
before it is passed on for distillation. Liq- 
uid air may be obtained by compressing 
it in stages to a very high pressure and 


then expanding it rapidly through an 
orifice or nozzle. Liquid oxygen for use 
in aerospace life-support systems is pro- 
duced in this manner. Care must be 
taken, however, to prevent the build-up 
of explosive gases such as acetylene. Dis- 
tillation also has vast applications in the 
oil industry, where it is used to sepa- 
rate the various hydrocarbons, and also 
in the chemical and solvent industries. 


COLLECTING FLASK—This is a detail of a 
distillation apparatus. It is linked to the cooler 
through a special elbow joint, and can be re- 
placed easily when fractions to be collected 


vary. To obtain an anhydrous liquid, a calcium 
chloride valve is placed on the end of the 
linking tube. 


“PIGLET” FRACTION COLLECTOR—This is a "chicken foot." This collector enables collec- a new flask is ready for a new lion, It Is 
special type of link between cooler and flask; tion of various fractions without the need to generally used for distillatior | vacuum, 
because of its shape, it is named “piglet” or detach a flask. When the apparatus is turned, connecting the lip to a vacuum 


DYNAMOS AND ALTERNATORS 


Electricitv/s importance to contemporary 
human life is enormous. The vast daily 
consumption of electric energy in all pub- 
lic and : ‘vate undertakings—transporta- 
tion, ill::«ination, heating, and so forth— 
indicate ow indispensable and essential 
the ge^. ‘ion of electric current really 
is. This ent does not move continually 
from o id of a circuit to another, but 
does s: if a difference of potential is 
maint: between the terminals. Var- 
ious d: : and machines are required 
to mai: these differences in potential. 
Amon; se devices is the generator. 

A gi tor is capable of supplying an 
electro. tive force to a circuit, thereby 
induci» the passage of electric current. 
The ps -ge of this current in a circuit 
develoy electric energy that, in this 
case, ;bsequently transmitted to the 
users ording to the principle of the 
conser’ (ion of energy, this energy is not 
created «nd is not destroyed but is merely 
transfo: ied, Therefore, the generator 
must isform or exploit some other 
form © -nergy before it can supply elec- 
tric c /. Some generators, such as bat- 
terie: ! other types of storage devices, 
trans! nergy of a chemical nature. Al- 
thou; ese generators are capable of 
supp! direct current, they have 
limite: ower and are not suitable for 
large : industrial applications, which 
requ iore energy than batteries are 
capa)!» of supplying. Such energy is sup- 
plied dynamos and alternators (ac- 
cordin to whether they supply direct or 
alterecing current) that transform into 


electrica] energy the mechanical energy 
produced by other energy sources. 

Huge hydraulic turbines exploit the 
kinetic energy of water collected in large 
mountain reservoirs. Steam or gas turbines 
exploit the heat energy produced by the 
combustion of conventional or nuclear 
fuels. Mechanical energy for the elec- 
trical machine can also be obtained from 
gasoline, diesel, or steam engines. 

The electrical machine is unique be- 
cause, irrespective of whether it is a 
dynamo or an alternator, it can function 
either as a generator or as a motor. An- 
other machine that can function similarly 
is a hydraulic pump-turbine—a machine 
that can function as a motor (by exploit- 
ing the energy of a head of water) or as 
a pump. In the latter case it must be 
driven by some other motor; however, 
this machine brings into use two energies 
of the same nature—the energy of a head 
of water is a form of potential energy. 
The electrical machine brings into use 
mechanical and electrical energy. 


THE ALTERNATOR—This electrical machine 
is based on the same principle as the dynamo 
—on a uniform relative rotation between a 
conducting winding and a magnetic field that 
acts as an inductor. Illustration 1a shows a 
rotating drum of ferromagnetic material, It 
carries a circuit winding consisting of a few 
turns and is placed between the pole shoes of 
a magnet or an electromagnet. The circuit 
does not constitute a closed loop as it does in 
the case of the dynamo, but its terminals are 
fixed to commutation rings a that connect the 
machine with the external circuit. 

In this way, the induced electromotive force 
is collected from the terminals of the winding. 
This type of winding is known as an open 
winding and is the one most frequently used. 
The illustration represents a bipolar alternator 
—a machine in which the inductor is fixed 
(constituting the stator) and formed by two 
pole shoes, one north and one south. The 
armature constitutes the rotor, or mobile part. 
In actual practice, far more frequent use is 


la 


made of multipolar machines and machines 
with fixed armatures. From the constructional 
point of view it Is more convenient to have the 
Inductor system as the rotating part and keep 
the armature in a fixed position, eliminating 
the need for a commutator, Commutators be- 
come rather difficult to construct In machines 
with extremely high power ratings. The rotating 
Inductor is keyed directly to the shaft and 
arranged in such a manner that the poles 
point radially outward. Illustration 1b shows 
a layout of an alternator of this type. It has 
four poles and a rotating inductor. Each pole 
carries a coil. The coil windings are connected 
in series and arranged In such a manner that 
the excitation current creates alternate north 
and south poles. In the case of powerful ma- 
chines that have to function at high angular 
velocities (turboalternators), it is usual to 
adopt a bipolar arrangement. The excitation 
winding is then placed in appropriate grooves 
that follow the generator lines of the cylinder 
that constitutes the rotor. 
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THE PRINCIPLE OF THE DIRECT CURRENT 
GENERATOR — The function of a dynamo 
(direct-current generator) is based on com- 
plex physical and electromagnetic phenomena. 
The basic phenomenon is that of electromag- 
netic induction. As shown in Illustration 2a, 
when a rectilinear conductor of length I cuts 
the induction lines of a constant magnetic 
field (represented by the parallel lines), it be- 
comes the source of an electromotive force 
called an induced electromotive force. If this 
conductor is now made to form part of a 
closed circuit, a current will flow in it. If the 
conductor rotates at a constant speed v, the 
value of the induced electromotive force at 
any instant is proportional to the value of the 
magnetic induction B, the speed v, and the 
angle æ that the motion of the wire forms with 
the direction of the magnetic field; that is, 


ES 
e = Blv sina. 


In the course of a complete revolution of 360°, 
the angle «œ has a different value at every in- 
stant of the rotation and the induced electro- 
motive force e varies in proportion to the sine 
of this angle; it is, therefore, a sinusoidally 
alternating electromotive force (Illustration 2b). 


HISTORY 


In 1831 the English physicist and chemist 
Michael Faraday rotated a copper disk 
edgewise between the poles of a horse- 
shoe magnet and obtained a continuous 
(direct) voltage between two rubbing 


When the conductor is at position O, the elec- 
tromotive force (emf) is zero because in that 
position sin a = 0. As the angle increases, 
the emf increases until it attains a maximum 
value at point 1, where the angle a amounts 
to 90°. This value is E = Blv (because sin 
« = sin 90° = 1). Once point 1 has been 
passed, the emf decreases again and even- 
tually becomes zero when the conductor 
reaches point 2 (because sin 180° = 0). The 
emf increases again after the conductor has 
passed this point, but it now has a negative 
sign because it has changed direction (as in- 


dicated by the arrows). At point 3 it assumes 
a value of —E; it has an absolute value equal 
to its value at point 1, but with the opposite 
sign. Subsequently, as the conductor passes 
beyond point 3, the emf diminishes once more, 
becomes zero at point O, and then changes 
sign again. 

If other conductors incur the same condi- 
tions as the first conductor (as in Illustration 
2c) and these conductors are arranged along 
the «generating lines of a cylinder rotating in 
the magnetic field, the various emfs induced 
in the individual conductors will all be sinus- 
oidal in form; they will all have the same max- 


contacts, one on the periphery and the 
other on the shaft of the disk. In this first 
electric generator the electromotive force 
was obtained by moving the conductors 
(the elements of the disk) across the 
magnetic field, not by a change in the 
amount of field linking a turn. Faraday's 


generator was a low-voltage machine; its 
efficiency was low and its cost high. 
Later generators utilized permanent 
magnets and wire armature windings. In 
1845 the English physicist Charles Wheat- 
stone replaced the permanent magnets 
with electromagnets excited with direct 


imum value and the same frequency; and they 
will display a phase difference corresponding 
to the angular distance between the various 
conductors. The essential problem connected 
with direct-current generators consists of find- 
ing a way of connecting all these conductors 
in a manner that will obtain an electromotive 
force that will no longer be alternating, but 
rather unidirectional and of constant value. 
This problem was resolved for the first time 
by the arrangement of the winding shown in 
Illustration 2c. These general principles are 
at the basis of all generators, whether they 
supply direct or alternating current. The sim- 
plest type of dynamo is the one that is di- 
rectly derived from such a machine. 

Every dynamo consists of a fixed part, 
known as the stator (inductor) that consists of 


current from a battery. In 1857 he added 
the feature of self-excitation, whereby 
the field windings received current from 
the armature terminals. 

The American inventor Thomas A. Ed- 
ison was among the first to recognize all 
the factors contributing to generator 


a permanent magnet or an electromagnet. The 
rotating part constitutes the armature. The 
stator can have two or more pole shoes (there 
must always be an even number of such poles, 
north and south respectively), and generates 
a uniform magnetic field. The simplest type 
has only two pole shoes. Between these pole 
shoes (and exactly equidistant from them) is 
a cylindrical steel ring carrying a uniform 
winding consisting of 12 turns of conductor. 
The winding begins at point a and is wound on 
a closed ring. During the rotation of the ring, 
electromotive forces are induced in each turn 
(specifically, on the part of each turn that is 
on the outer surface of the ring). No electro- 
motive forces are induced on those parts of 
the turns on the Inner portion of the ring, be- 
cause they are screened by the ferromagnetic 


losses, and his bipolar generator raised 
the standard of generator efficiency from 
about 50 percent to the then unheard-of 
value of 90 percent. Edison's bipolar 
generator in 1878 and the Edison system 
of central station power in 1882 gave 
commercial impetus to electric generator 


material (steel) of the ring and are not subject 
to the action of the magnetic field. If the wind- 
ing is followed from point a through to point 
b (through the active conductors 1, 2, 3, 4, 5, 
and 6) the electromotive forces in them will 
all be of the same sign. Between a and b there 
will be a difference of potential equal to the 
absolute value of the resultant of all the emfs 
induced in these conductors 1 through 6 (II- 
lustration 2d). 

The same conditions apply to conductors 7 
through 12. In this case, the six induced elec- 
tromotive forces again act in the same direc- 
tion, but this direction is opposite to the direc- 
tion of the emfs in conductors 1 through 6. The 
total emf at any one instant is, therefore, 
always equal to zero. Under these conditions 
no current can flow in the circuit of the wind- 
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and power development resulting in 
larger and larger multipolar generators 
and reciprocating steam engines. 

The invention, in Europe, of the first 
alternating current generating system led 
to rapid developments. The frequency of 
the voltage delivered by early a-c gener- 


ing. However, if an external circuit is con- 
nected to points a and b, the terminals of 
this circuit will be subject to a difference of 
potential that is equal to the sum of the emfs 
induced in coductors 1 through 6 or in con- 
ductors 7 through 12. This difference of po- 
tential produces a current that is supplied in 
equal parts by the two circuits connected in 
parallel. This connection to an external cir- 
cuit is achieved by connecting the various 


points of the armature winding to the insulated 
segments S and S, (which rotate together with 
the armature) and then putting these segments 
in contact with fixed contacts called brushes 
(Illustration 2e). 

This segment assembly is known as the 
commutator—the connecting element between 
the, machine and the external circuit. The ef- 
fective result of this arrangement is shown as 
a graph in Illustration 2f. The curve represents 


the total emf existing in the circuit and is 
formed by the upper part of the sinusoidal 
curves of all the individual emfs. The current 
produced in this manner is not perfectly con- 
stant but it can be considered to be continu- 
ous and constant within close limits of approx- 
imation. The armature winding described is 
suitable for small dynamos; different solutions 
are used for large machines. However, the 
basic principles remain valid. 
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ators was probably determined by the 
number of poles that could be readily 
constructed and by the speed of an avail- 
able prime mover. 

The first large steam-turbine-driven a-c 
generator in the United States was built 
by the General Electric Company and 


was first used in Chicago in 1903. It was 
of the vertical shaft type and was rated 
at 5,000 kw. Its success led to the almost 
universal adoption of steam-turbine- 
driven polyphase generators for central 
stations. Modern water-wheel generators 
are almost always of the revolving field 


structure type with drum windings in 
open slots and welded steel frame struc- 
tures. Typical of such large machines 
are the 82,500-kilovolt-ampere and the 
108,000-kilovolt-ampere generators at 
Hoover and Grand Coulee dams, respec- 
tively. 


ELECTRIGATSSESBISSINCR = 


All mate offer some resistance to elec- 
tricity, t :ount of resistance depend- 
ing on ¥ they are made of and the 
size use: e experiments shown in the 
illustrat: re confined to the problems 
1 


HIGH "ANCES—High-value resistances 
can be ured using the same system de- 
Scribed the ohmmeter. In Illustration 2a the 


tentlal is the battery V generating 
(volts); the instrument measuring 
| current is the galvanometer G, 
milliammeter more sensitive than 
an ohmmeter (Illustration 1). This 
can measure resistances of thou- 
sands o! megohms, even approaching the 
teraohm (the prefix means a factor of 10'?, or 
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involving the conductivity of metals or 
metallic materials. Dielectrics (which 
are classified as insulators) sometimes 
present a small degree of conductivity 
because of various phenomena, such as 


MEASURING WITH THE OHMMETER — For 
measuring medium-value resistances, a motor 
consisting of an electric cell and a microam- 
meter is usually used. To measure the value 
of a resistor, voltage is applied to the un- 
known resistor using the two tips, as shown 
in this illustration. In this way, the milliam- 
meter is placed in series with the resistor and 
measures the current that flows through it. 
The value of the current depends on the re- 
sistance being measured; it is read on one 
of the scales of the milliammeter (the top 
scale), which are calibrated in ohms, or multi- 
ples or fractions of ohms. If a low resistance is 
io be measured, the cell inside the instru- 
ment must be connected to an inside circuit 
in order to use only a part of the current it 
generates. The current will be proportionately 
lower as it flows through the unknown resistor. 
In this case, the resistance is read on another 
scale. The apparatus used for taking these 
measurements obeys Ohm's law. 


a quantity on the order of one million million). 

Whereas megohm resistances are used as 
conductors in certain circuits, teraohm resist- 
ances are characteristic of slightly imperfect 
insulators. The apparatus shown in Illustration 
2b was built on the basis of that shown in 
Illustration 2a. It enables one to determine the 
resistance of an insulator that has been im- 
mersed in water for a certain length of time. A 
dry piece of plastic-treated cloth has a resist- 
ance that cannot be measured using the appa- 


impurities in their surfaces. 

Measuring a resistor requires the use 
of different techniques, governed by 
whether it has low—or high—resistance. 
The problem of exact measurement calls 
for distinguishing the difference between 
the standard value of a resistor (or the 
small variations from its standard value) 
and the measured value. A variation in 
the temperature of a conductor, for ex- 
ample, causes a change in the resistance 
it offers to a flow of current. If the tem- 
perature undergoes a small change, the 
change in the value of resistance will also 
be small. Special techniques are required 
to make such fine measurements. 

The instruments needed to make mea- 
surements of resistance are simple. The 
most fundamental is the ohmmeter ( Illus- 
tration 1), which can solve many common 
measurement problems. Other measure- 
ments may require a microammeter or 
galvanometer, or a special configuration 
of apparatus to determine fine differ- 
ences in resistance. 


ratus shown in Illustration 2a. If, however, such 
an insulator is immersed in water for 24 hours, 
an appreciable resistance—within the mea- 
surement range of this apparatus—can be 
measured. An interesting experiment is to mea- 
sure the increase in resistance as the material 
dries. 

In professional laboratories, instruments 
called terohmeters, based on this same prin- 
ciple but made with electronic amplifiers, are 
used to measure the resistance of insulators. 
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SMALL RESISTANCES — Measuring a low- 
value resistance can be just as difficult as mea- 
suring a high-value one. 

To determine the magnitude of a small re- 
sistance (less than 1 ohm) a generator having 
a potential less than 1 V must be used. This is 
constructed by placing batteries in parallel 
(with all the same poles connected) to feed 
a voltage divider (Illustration 3a). 

The voltage divider is made with two re- 
sistors: one of a high value (such as 1,000 
ohms) and the other of a low value (about 
1 ohm). At the ends of this last resistor there 
is about one one-thousandth of the original 


A DELICATE MEASUREMENT—The preceding 
illustrations have shown the measurement of 
resistance. The point of the experiment shown 
in this illustration is not to find the value of a 
resistor, but to find its variation from a value 
that could be defined as its standard. 

An efficient instrument for such a measure- 
ment is Wheatstone's bridge, a product of the 
experiments of the English physicist Sir Charles 
Wheatstone. Illustration 4a shows a bolom- 
eter circuit used for measuring weak radia- 
tions. It is made up of four resistors, two of 
which are variable. The portion designated X 
is the unknown resistor; N consists of a fixed- 
value resistor of 1 megohm, the same as P, 
but without the potentiometer Z. Voltage from 
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voltage. Precision would demand two resistors, 
one of 1 ohm and another of 999 ohms, but 
the error incurred by using 1,000 ohms is 
negligible. Voltage is then sent through the 
unknown resistor R, which is in series with 
ammeter A. The resistors of the voltage di- 
vider R' and R" and the ammeter must be ca- 
pable of carrying high current, on the order of 
1 A. The batteries must generate this current 
without losing voltage. This can be done by 
placing many batteries in parallel. The exact 
number depends on the resistor to be mea- 
sured; 100 Ma (milliamperes) can be calcu- 
lated for every cell in parallel. 

The ammeter also must be able to bear high 
current. Most important is the conductor that 
connects the unknown resistor to the ammeter, 
and the contacts it forms with the resistor to 
be measured. If this resistor has a low value, 


the battery is then applied to the circuit. If 
the ratio X/P = M/N is valid, then an equal 
amount of current will flow through each of 
the pairs of resistors. 

The unknown resistor X was constructed to 
be equal to M, but if it is heated by radiation 
its resistance varies. In order to rebalance the 
circuit, the potentiometer will have to be 
varied. Once equilibrium is reached, current 
does not flow through the galvanometer G or 
the microammeter that straddles the connec- 
tions PX and NM. Therefore, X = P x M/N. 

This circuit can be used to build a bolom- 
eter that measures radiation intensity, The cir- 
cuit takes advantage of the fact that the resist- 
ance of metals increases with rising tempera- 
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CIRON OBBESS m 


cs is the technique of elec- 
ing electrons along a pre- 
in a vacuum. The name de- 
he analogy with ordinary 
ience that studies how light 
made to follow preselected 
use of lenses. A device that 
electron optics can thus be 
ctric lens. 
dern instruments—such as 
croscopes, electron acceler- 
hermionic tubes—are depen- 
technique. A television pic- 
»r example, is an electric lens 
ven; the lens focuses a tiny 
ctrons into a luminous point 
across the screen several 
mes per second. This moving 
the images that appear on 
In a somewhat analogous 
-evision camera also depends 
of electrons. The camera is 
ith an image orthicon tube; a 
the image of the subject on 
nt plate inside the tube. The 


inner surface of the plate is photosensi- 
tive; when struck by light, it gives off 
electrons. The number of electrons given 
off depends on the intensity of the light 
striking the plate. These electrons strike 
another plate, at first electrically neutral, 
that gives off secondary electrons; a pos- 
itive charge is left on this plate. The posi- 
tive-charge pattern is the electric equiv- 
alent of the image. 


AN ELECTRON IN AN 
ELECTRIC FIELD 


Basic to a study of electron optics is a 
knowledge of how an electron moves 
when it encounters an electric field. In 
Illustration la, two small metallic plates 
are connected to the poles of a battery— 
one to the positive pole, the other to the 
negative. An electric field is thus estab- 
lished between the two plates. An elec- 
tron (which carries a negative charge) 
between the two plates will become sub- 
ject to a force that will accelerate it 


ELECTRONS IN AN ELECTRIC FIELD — An 
electron between two flat plates that are elec- 
trically charged will be attracted by the posi- 
tive plate and repelled by the negative one 
(Illustrations 1a and 1b). In Illustration 1c, the 
electron between the two plates is equivalent 
to a ball rolling down an inclined plane from 
level a to level b. 
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toward the positive plate. (Opposite 
charges attract each other.) 

Illustration 1b represents a section 
through the same experiment; the dotted 
lines parallel to the plates represent 
imaginary surfaces, called equipotential 
surfaces. On each surface the electric ac- 
tion diminishes by a quarter of its total 
value as the electron moves away from 
one plate and approaches the opposite 
plate. When the electron has traveled 
half the distance that separates the two 
plates, it will have been accelerated by 
half the force of the electric field. 

Illustration 1c shows a mechanical 
analogy to electron acceleration. Here, 
a small but heavy ball rolls down an in- 
clined plane. The ball represents the 
electron; planes a and b represent the 
two plates. The ball starts its descent 
from a and ends it on b. The dashed hor- 
izontal lines are the "contour lines" of 
the surface along which the ball is falling 
(lines that unite all the points at the same 
height). At each point on the inclined 


plane, the ball will be subject to a down- 
ward force. This force is perpendicular 
to the contour lines. 


DIVERGING ELECTRON LENS 


Illustration 2 shows a section through 
three metallic plates. Plates 1 and 2 are 
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THE ELECTRON LENS — Three electrically 
charged plates arranged in a suitable manner 
constitute a diverging lens for electrons (ll- 
lustrations 2a and 2b). The lines between the 
first two plates represent the electrostatic po- 
tential of the electric field. An electron that 
starts from the lateral position a will be de- 
viated outward as it passes through the hole 
in the second plate F, which is the virtual 
focus of the electron lens. 


connected to a battery that has produced 
an electric field between them. The space 
between the two plates is divided into 
four imaginary surfaces that are equidis- 
tant from each other and the plates. On 
the right of plate 2, however, is a third 
plate (plate 3), which is at the same po- 
tential as the second. Plates 2 and 3 are 
connected by a copper conducting wire. 
If plate 2 were removed, the four sur- 
faces that were previously compressed 
into the space between plate 1 and plate 
2 would become redistributed in the 


for electrons. This princip! d in 
many types of scientific eq. 


If electrons are to be thus ilong 
predetermined trajectories ways 
understood that the electro ree to 


larger space that separates plate 1 and move in a vacuum. If they had to move 


within a gas (air, for example), they 
would continually collide with the atoms 


plate 3. 
Suppose, however, that plate 2 is left 


in position and a hole is made i» it, Now, 
the parts of the surfaces place opposite 
the hole will feel the attract f plate 
3; they will, therefore, tend tc ead out 
and will bulge into the hol: if. The 
field between plates 1 and 2 hus as- 
sume the appearance show: lustra- 
tion 2a. 

If an unrestrained electror iced at. 
point a, it will become accele toward 
plates 2 and 3 because it fin lf sub- 
ject to a force that attracts it ! these 
plates. This force is always ; licular 
to the surfaces that subdivic lectric 
field into steps of constant \ l'here- 
fore, the electron will follow erging 
trajectory. An electron place oint b, 
on the other hand, will mo» direc- 
tion that is perpendicular plates 
and will describe a straig The 
three electrons moving along differ- 
ent trajectories will seem t ming 
from point F. 

The three plates, therefo titute 
a device that will cause a ; beam 
of electrons to diverge as s the 
plates, making it seem as it trons 
came from a nearby point ice is 
thus nothing other than a d z lens 


| 
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5 MECHANICAL EQUIVALENTS 


OPTICAL * 


—lllustrat ia shows an optical diverging 
lens for ' t light. The mechanical equiva- 
lent of th erging lens is shown in Illustra- 
tion 3b; ! lined plane is partially convex. 
Miustratic: hows the electric field inside 
a conver: ns for electrons, while Illustra- 
tion 3d 5 ^e trajectories of the electrons 
inside ar 'rostatic converging lens. 


of the gas and hence would be deviated 
from their paths. Predictions of their tra- 
jectories would no longer be valid. For 
this reason, the electrons must always be 
made to move through a vacuum when 
they are used in equipment where their 
paths are not defined by conductors. 
Illustration 3a shows an optical analogy 
to the diverging electron lens (Illustration 
2a). Two glass plates are in close contact 
with each other: one of them (on the 
right) is highly refractive, the other (on 
the left) is only weakly refractive. The 
contact surface between the two glass 


plates is convex toward the plate of higher 
refringence. Parallel light rays coming 
from the left will be made to diverge 
from the center as they pass the contact 
surface. 

Illustration 3b shows a mechanical 
analogy to the diverging lens. The in- 
clined plane shown in Illustration 1c is 
now modified. The lower part of the in- 
clined surface forms a hump rather than 
a plane. The contour lines will now be- 
come exactly like those shown in Illus- 
tration 2b. A ball starting its fall from 
point b will descend in a straight line, 
but a ball starting from point a will be- 
come diverted. Its trajectory becomes 
identical to that of the electron crossing 
a diverging lens. 


ELECTROSTATIC CONVERGING 
LENS 


Illustration 3c shows a section through 
two thin tubes of equal diameter. The 
two tubes almost butt against each other 


and are connected to a battery that main- 
tains them at opposite potentials. Such an 
arrangement constitutes a converging 
lens for electrons. The equipotential sur- 
faces that indicate how the electric field 
varies from the surface of one tube to 
that of the other have the characteristic 
bell shape shown in Illustration 3c. The 
arrows indicate the direction of the force 
to which an electron is subjected on each 
of these surfaces. 

Illustration 3d shows an electron com- 
ing from the left—moving parallel to the 
axis of the tubes—and approaching the 
gap between them. It meets surface 1 and 
becomes subject to the force indicated 
by the arrow. It is strongly pushed toward 
the axis, and its trajectory begins to curve 
in this direction. The same thing happens 
when it meets surfaces 2 and 3. 

When the electron arrives at surface 4, 
the surface in the gap between the two 
tubes, it becomes subject to a force acting 
parallel to the axis of the tubes; by this 
time, however, the trajectory of the elec- 
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tron is decidedly inclined toward the 
axis. When it encounters surfaces 5, 6, 
and 7, the electron becomes subject to 
forces that tend to push it away from the 
axis; but these forces will push it away 
to a much smaller extent than the one by 
which it was previously pulled toward 
the axis. (The forces become less intense 
as the distance from the walls of the tube 
increases.) The electron will, therefore, 
end up by meeting the axis at point F. 
An electron moving along trajectory b 
will also pass through the point F. Thus, 
electrons traveling along paths parallel 
to the axis will converge to a single point; 
consequently, the arrangement consti- 
tutes a converging lens for electrons. The 
electron beam of television tubes and the 
cathode-ray oscilloscopes are focused 
(concentrated into a point) by exploiting 
this principle. 


OPTICAL CONVERGING LENS—This lens 
causes light rays to converge. 


Because these arrangements concen- 
trate the electrons by means of electric 
forces, they are generally known as elec- 
trostatic lenses. 

Illustration 4 shows a spherical refrac- 
tion system, an optical device analogous 
to the electrostatic lens consisting of two 
tubes. Two pieces of glass, one of which 
has a higher index of refraction than the 
other, are separated by a spherical sur- 
face that is convex toward the side of the 
less refringent glass. Rays of light parallel 
to the axis are made to converge toward 
the axis as a result of crossing the spheri- 
cal separation surface between the two 
media. 


MAGNETIC LENS 


An electric field (like the one that is 


LENS EQUIVALENTS—lllustration 5a is a 
magnetic converging lens for electrons. Illus- 
tration 5b is an optical equivalent of the mag- 


netic converging lens; such a lens concen- 
trates the light emitted by a point source. 


established between two conducting 
plates that are connected to the poles of 
a battery) not only makes it possible to 
focus the electrons, but also to accelerate 
them. The focusing of the electrons can 
also be accomplished by making them 
pass through a magnetic field. In this 
case, however, the electrons will not 
change their speed, but only the direc- 
tion of their motion. The magnetic lenses, 
therefore, serve to focus electrons that 


have already been accelerated by other 
means. 

In Illustration 5a a copper wire wind- 
ing in the form of a toroid a is surrounded 
by a box b made of magnetic material. 
This arrangement causes a beam of elec- 
trons to converge toward the axis as it 
passes through the center of the winding. 
Arrangements of this type are used as 
lenses in electron microscopes. Illustra- 
tion 5b shows the optical equivalent. 
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The fi lid fuel rockets ever made 
used g der as a propellant charge 
and w ilt by the Chinese in the 
eighth ry A.D. The use of rockets as 
weap: read to the West, as did 
the te es for manufacturing them. 
Thesc iques remained virtually un- 
chang il the end of World War II, 
when fuel rocket engines were de- 
velop r almost twenty years the per- 
forma f liquid-fueled engines could 
not b tched by solid fuel rockets. 
How: iore recent developments of 
the so! 1 system have perfected it to 
such ont that it offers advantages 
over | fuel systems in more advanced 
prop: ipplications such as intercon- 
tinen siles, satellite launchings, and 
vario: 'r space projects. 

THI CTURE OF SOLID 

FU! jKETS 

As | rocket engine consists basi- 
cal! combustion chamber that also 
for outside shell of the rocket, a 
prc charge, a device to fire the 
pr charge, and a device to stop 
pre combustion. 

: ibustion of the propellant de- 
vel ses that are expelled through a 
noz? he rear of the rocket at a high 
ve Since the gases are rapidly pro- 
duc hey accumulate at high pressures 
in »mbustion chamber, which must 
be strong enough to withstand these pres- 
sure "or this reason, the combustion 
chamber is usually made of steel, tita- 
nium, or aluminum alloys, In small rock- 
ets, the combustion chamber is sometimes 


made of plastic reinforced with fiber 
glass, Chamber design is critical; for ex- 
ample, if too much pressure develops be- 
cause the combustion process has been 
miscalculated, the chamber may explode 
and destroy the rocket. 

Another critical section is the tail pipe, 
which serves to channel the combustion 
gases rearward to the nozzle. Near the 
nozzle, the diameter of the tail pipe al- 
ways decreases in order to increase the 
propulsion efficiency. The gases move 
through the nozzle at high temperatures, 
thereby increasing the danger of metal 


SINES-I | solid fuel rockets 


erosion, for the hot gases may partially 
melt the nozzle, chemically corrode it, or 
else solid particles of unburned matter 
may abrade the inner surfaces. Tail pipes 
are made from refractory materials hav- 
ing low levels of chemical reaction with 
respect to the discharge gases. Materials 
most frequently used are graphite, mo- 
lybdenum, mixtures of metal oxides, and 
even cement. 

Combustion in the first small gun- 
powder-powered rockets lasted a fraction 
of a second or, at the most, two or three 
seconds. Today, rocket motors are built 
that contain tons of fuel and combustion 


may last more than a minute. 

Still another critical component is the 
nozzle, which operates mechanically and 
has a function similar to its counterpart 
in liquid fuel rocket engines, Its purpose 
is to utilize the expansion energy of the 
gases leaving the tail pipe under pressure. 


SOLID PROPELLANTS AND 
THEIR MANUFACTURE 


The first solid fuel rockets were propelled 
by a charge of gunpowder. Subsequently, 
modified artillery powders and explosives 
were used, Since the functioning of a 
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MAKING THE PROPELLANT FOR SOLID FUEL 
ENGINES—The charge is prepared directly 
inside the rocket's combustion chamber. The 
first operation lines the chamber's inner walls 
(a in the illustration). This lining is a substance 
that makes it possible for the propellant to 
adhere perfectly to the walls. The additives b 
are then mixed with the combustible coming 
from c. Once the combustion chamber has 
been prepared in this way, it is placed in an 
oven d to obtain the first solidification of the 
protective layer. After solidification of the pro- 
tective layer, which is also called vulcaniza- 
tion or polymerization, a mold of the hole that 
the propellant charge will contain is introduced 


into the rocket's combustion chamber. 

In the meantime, starting from the oxidizing 
substance f and the combustible, usually a 
liquid g, the crushed oxidizer | is mixed with 
the liquid. The mixture h is then introduced 
between the mold e and the walls of the com- 
bustion chamber. This operation is indicated 
schematically in i. When filled with the liquid, 
the combustion chamber is placed in the oven 
m for final vulcanization. The mold is then re- 
moved to give the desired shape (or profile) 
to the hole inside the propellant charge, which 
is now ready to be introduced into the body 
of the rocket. 
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rocket engine is based on the production 
and ejection of a large quantity of gas, it 
is clear that the combustion chamber 
must contain a gas-producing substance 
capable of being heated to a high tem- 
perature in order to increase the volume 
of the gas—and, hence, the speed at which 
it leaves the nozzle. An explosive sub- 
stance is appropriate because it contains 
chemically reactive substances—an oxi- 
dizing substance and a combustible that 
combine to produce hot gas suitable for 
expulsion through the nozzle. Of course, 
the propellant charge must not explode 
instantly. If such an explosion occurs in 
the combustion chamber of a rocket, the 
chamber is subjected to a pressure capable 
of destroying it completely. 

Gunpowder was eventually replaced 
with an explosive based on bitumin. This 
explosive consisted of a mixture of asphalt 
as fuel and potassium perchlorate as oxi- 
dizer. The mixture, which is reasonably 
stable, looks like road asphalt. It has the 
advantage of flexibility; it does not frac- 
ture under the pressure of the combustion 
gases, and it adheres well to the inner 
wall of the combustion chamber, thus 
preventing the combustion from spread- 
ing to the outer part of the charge. How- 
ever, at the low temperature of space this 


propellant becomes brittle, and at high 
temperatures it melts. In most modern 
designs, it has been replaced by a pro- 
pellant containing a visco-elastic organic 
substance—an elastomer with a consis- 
tency similar to that of rubber. During 
preparation it is fluid and can be poured 
into the combustion chamber. Subse- 
quently it solidifies, although remaining 
elastic. 


EROSIVE COMBUSTION 


In an efficient rocket propellant, com- 
bustion spreads from the surface at which 
ignition takes place. In old rocket engines 
the charge consisted of a carefully com- 
pressed cylinder of powder placed in the 
combustion chamber. Ignition took place 
at the nozzle end and combustion moved 
up toward the head of the combustion 
chamber. There was danger that the 
flame would propagate itself between the 
charge and the chamber’s internal wall, 
thus causing an enormous increase in the 
combustion surface and, therefore, in the 
production of gas. Consequently, the 
pressure in the chamber increased and 
there was grave danger of an explosion. 

A first improvement in the shape of the 
propellant charge was the introduction of 
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STRUCTURE OF A SOLID FU! 


The illustration shows the cor cham- 
ber a, the link b between bustion 
chamber and the rocket she! he pro- 
pellant charge c. This charge ariable 
section that becomes less p d as it 
approaches the nozzle. Near le the 
gases move more quickly thar ; head; 
the fins of the section are, th« 58 pro- 
nounced near the nozzle so t ill not 
be eroded or broken off by th gases, 
perforations along the ch is, In 
this case, combustion propa m the 
inner surface, and the ch con- 
sumed as the layers bord | this 
internal surface react. The ; pro- 
duced move along the axis «d the 


tail pipe; the closer they g 

greater their velocity, This » 
the gases erode the charge ju 
would erode the tail pipe—if it 
made of refractory and abras 
material. This erosion does not < 
the effectiveness of the propellant's re- 
action, since the eroded particles are 
consumed before reaching the end of 
the combustion chamber. When the 
propellant is consumed in this way, it is 
said to be burning by erosive combustion. 


THRUST PROGRAMS 


The thrust of a liquid fuel engine may be 
varied at will by pumping more or less 
propellant into the combustion cham- 
ber. In solid fuel rockets, however, this 
is impossible. Still, some variation in the 
magnitude of the thrust can be pro- 
grammed by giving the inner section of 
the charge of propellant an appropriate 
profile. Consider the case of an air-to-air 
missile hanging under the wing of an air- 


plane r launch, the missile must be 
guide he target by electronic signals. 
It wil! obviously require a quick, strong, 
initia st in order to reach a certain 
specc brief time. In the later stages 
of its ht, it may need some added 
thrust nsure its accuracy. The initial 
accel m must take place in about one 
third second, Thrust during the tar- 
get-i phase must be able to last 
abo or three seconds. How is this 
thru eved by means of erosive com- 
bus the propellant? Illustration 3 
giv :ples of how the propellant is 
sha various rocket engines in order 
to í various combustion and thrust 
pro 
TH D OF THE COMBUSTION 
missions in space and the Earth's 
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Y iere require that the thrust pro- 
' the rocket engines be perfectly 
controlled as regards both intensity and 
It is extremely important to 
achieve motor cutoff when desired—and 
often at an instant determined by an on- 
board computer. There are two ways of 
stopping thrust. One is to separate the 
charge from the motor by setting off a 
small explosive charge. The other method 
halts propellant combustion by means of 
a water jet inside the combustion cham- 
ber. A small container of pressurized 
water is controlled by a valve. When the 
valve is opened, the water squirts into 
the combustion chamber, boils, and re- 
moves heat from the flame. The drop in 
temperature may either extinguish the 
reaction or, at least, stop the thrust sud- 
denly. 


duration 


THE ADVANTAGES OF 
SOLID FUEL 


Solid fuel rockets have some character- 
istics that give them advantages over 


their liquid fuel counterparts. Some of 
these characteristics are: 

1. Exit nozzles can be built simply. In 
the case of combustion lasting less than 
about three seconds, no special cooling 
devices are needed. 

2. A solid fuel rocket can easily be 
adapted for different missions by adding 
units to obtain greater thrust, permitting 
modular construction. 
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3. The relationship between oxidizer 
and combustible is fixed in the charge 
at the moment of manufacture. 

4. In testing new solid fuel rockets, 
small-scale models are easily built. 

5. Transportation, erection, and launch- 
ing of solid fuel rockets is easier, even for 
larger tonnages, because of the rigidity 
of the fuel and its low volatility. 

6. The stability of solid fuels means 
that rockets can be kept for long periods 
of time without fuel degeneration. 
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EROSIVE COMBUSTION—IIlustration 3a shows 
an increasing thrust program. The area of 
erosion increases as the charge is consumed. 
The production of gas and thrust increases 
as well. 

A constant thrust can be obtained by meth- 
ods aimed at keeping the surface of erosion 
constant; in one such method, a coaxial cyl- 
inder is introduced into the propellant sleeve 
(Illustration 3b). The outer surface of the cylin- 
der diminishes while that of the propellant 
sleeve increases proportionately. 

The same result can be obtained by means 
of fins that burn up during combustion and 
change profile, thus keeping the inner surface 
area constant (Illustration 3c). 


A regressive thrust program can be obtained 
with the section shown in Illustration 3d; this 
section offers a large initial surface area that 
decreases as combustion progresses. 

A large number of fine fins (Illustration 3e) 
offers a high initial thrust; the fins burn rapidly. 
The rest of the charge produces a much lower 
thrust on burning because the surface has a 
smaller surface area. 

A charge with fine fins but surrounded with 
a sleeve of fast-burning fuel produces a final 
phase of strong thrust when the fuel detonates. 
This may be useful in a missile that, after 
reaching cruising speed and homing on the 
target, has to accelerate in the final phase of 
its trajectory in order to hit the target. 


ENGINES-II 


In the early nineteenth century, the 
French physical scientist Sadi Carnot 
developed his principle that all reversible 
heat engines working between a given 
pair of temperatures must necessarily 
have the same potential thermal efficiency 
—the maximum possible for the tempera- 
tures given. Carnot's motivation for his 
studies remains applicable today: tech- 
nical developments and improvements 
must not stand by themselves, but must 
be accompanied by the theoretical under- 
standing of their operations. 

Carnot’s principle drew little attention 
during his own lifetime, but it resulted 
in the later formulation of the second law 
of thermodynamics by the German phys- 
icist Rudolf J. E. Clausius. 

The engine visualized by Carnot is one 
of maximum efficiency, Such an engine 
could be built, but its construction and 
function would be too complicated for 
efficient and advantageous use. Other 
thermodynamic cycles have been visual- 
ized since Carnot's time—some practical, 
others unsuccessful in practice. However, 
heat engines are so important to modern 
life that the development of both theory 
and practice must be pursued. The fol- 
lowing discussion is concerned with the 
theory of heat engines. 


PRINCIPAL CLASSIFICATIONS 


Heat engines serve to transform a quan- 
tity of heat energy into mechanical work. 
Generally, the necessary heat is pro- 
duced by buming fuel—therefore, the 
more heat that can be generated in the 
engine, the greater the work produced. 

Inside the engine, work is usually pro- 
duced by gases, or vapors, that expand 
and apply pressure on a piston or that 
transmit impulses to the blades of a rotor. 
These gases or vapors are called the 
working fluid. The fluid is also a heat- 
transport vehicle—that is, it introduces 
heat into the engine during certain phases 
of the thermodynamic cycle and removes 
it during other phases. 

Heat engines are divided into two 
main groups: internal combustion en- 
gines and external combustion engines. 

In internal (or endothermic) combus- 
tion engines, the fuel that must produce 
the necessary heat is burned inside the 
mass of active fluid, part of which is the 
gas products of the combustion itself. All 


a survey of heat engines 


gasoline and diesel engines, as well as 
gas turbines, belong in this category. 

In external combustion engines, how- 
ever, the active fluid receives the neces- 
sary heat for thermodynamic transforma- 
tion from the outside, and the fluid never 
mixes with the combustion products. 
Steam turbine engines are in this group. 


THE EFFICIENCY OF HEAT 
ENGINES 


Generally speaking, only a part of the 
energy released by combustion is trans- 
formed into useful work. The rest is trans- 
ferred by conduction to the various parts 
of the engine or is carried off by the cool- 
ing liquid. The fraction utilized as power 
by the crankshaft of the engine repre- 
sents the efficiency of the engine. 

In the Carnot engine, the working fluid 
(the gas or air contained in the cylinder) 
receives heat from a source with temper- 
ature T, and releases it to another source 
at a lower temperature, T». Carnot dem- 
onstrated that the condition providing 
maximum possible efficiency gives an 
efficiency 


T2 


Although the Carnot cycle is not realiz- 
able in practice, experience has con- 
firmed the importance of the tempera- 
ture decrease, T; — T». In fact, comparing 
an endothermic engine with a steam en- 
gine (such as a turbine) shows that the 
combustion on the inside of the cylinder 
permits a greater drop in temperature jn 
the endothermic engine and, therefore, 
greater efficiency in the transformation 
of heat into mechanical work. 

In the steam engine, the drop in tem- 
perature is smaller because of the loss of 
heat through the metal walls of the boiler. 
A steam engine, however, has an ad- 
vantage over an endothermic engine in 
that the temperature in the steam con- 
denser is almost the same as the ambient 
temperature—that of the surrounding 
environment. In the endothermic engine, 
however, under the best of conditions the 
temperature of the discharge gas is more 
than 500? C (930? F). The drops in tem- 
perature are about 2,300 C? (about 
4,140 F°) for endothermic engines and 
600 C? (about 1,080 F^) for the steam 
turbine. 


1 
APPLICATIONS OF THE HEAT ENG! =—Some 
of the most widespread applic s of the 


heat engine are illustrated he i8 most 
common means of transportation a United 
States and many other parts world 
employ the internal combustion s (Illus- 
tration 1d). This engine powers ! omobile 
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1a) and heavier equipment such 


»cavators (Illustration 1c). The steam 


(illustration 1b), now seldom seen 
d States, played an important role 
xic development of transportation. 
im turbine in a thermoelectric 
own in Illustration 1e. Like the 


steam engine, the steam turbine is an external 
combustion engine; its applications vary from 
the production of electrical energy to the pro- 
pulsion of ocean-going vessels. One of the 
most recent applications of the steam turbine 
is in nuclear power plants. 

Since the end of World War Il, gas turbines 


have undergone enormous development. For 
the most part, these endothermic engines have 
been used in the aeronautical industry (Illus- 
trations 1f and 19), primarily in turbojet and 
turboprop engines, and in the production of 
electrical energy. Intensive research is being 
conducted on land transportation uses. 
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AN ENDOTHERMIC PISTON ENGINE—This is 
a drawing of an internal combustion piston 
engine of a type commonly used, A basic com- 
Ponent is the cylinder ¢ in which the piston s 
Operates. The latter, equipped with piston rings, 
moves freely in the cylinder. The top of the 
cylinder is closed by the cylinder head, which 
has three openings. Two of the openings are 
for the valves—the fuel intake valve v and the 
exhaust valve v/—and the third opening is for 


the spark plug a. A connecting rod b, with 
bearings at both ends, connects the piston with 
an arm of the crankshaft m. The crankshaft is 
supported by the crankshaft bearings attached 
to the crankcase e. (In modern engines, the 
crankcase and cylinders are usually joined in 
a single block.) The valves are activated by 
means of the tappets p of the camshaft, 
which in turn is activated by the crankshaft. 
The block that constitutes the main body of 


valve 
spring 


exhaust 
manifold 


piston rings 


the engine is closed at the bottom by the oll 
pan. These are the basic components of an 
engine. In practice, however, the shape and 
arrangement of parts vary from one type of 
engine to another. Contemporary designs vary 
the number of cylinders, the positions of the 
valves, the shape of the combustion chamber 
(the space between the piston at its highest 
position and the cylinder head), the cooling 
system, and other parts. 
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WORK © CLE OF A PISTON ENGINE—The 
“work ta" is the succession of operations 
gener n the cylinder and constantly re- 
peate ording to a set rhythm. Engines 
are d into two major types according to 
the le cf the work cycle: four-stroke en- 
gines wo-stroke engines. In the first type, 
the cy completed with four strokes of the 
pistor wo turns of the crankshaft; in the 
secon 4 two strokes of the piston and a 
single of the crankshaft. The four-stroke 
engin amined first. 

In ur-stroke engine, the first stroke 
(Ilust: Ja) is the intake stroke, in which 
the p lescends toward the bottom, creat- 
ing a sm in the combustion chamber. At 
the sev ne, the intake valve opens to permit 
the tu mixture to enter the cylinder. The 
valve ns to open near the beginning of this 
phase ne cycle and closes just before it is 
finishe during the compression stroke (Illus- 
tratio: , the piston moves back up the 
cylinc nd, because both valves are now 
close: fluid is compressed in the combus- 
tion < or. When the piston has reached its 
highe ‘int (called top dead center) the 
fluid, = maximum pressure, occupies only a 
fracti he space that it occupied at the be- 
ginnir ihe compression stroke. (The “com- 
pres: itio" is the ratio of the volume of the 
fuel- «ture before compression and its 
volt: er compression.) Shortly before the 
end compression phase, ignition of the 
mixti curs, causing a sudden rise in tem- 
pera nd pressure, which reach values 10 
or 1 ; as high as the initial values. The 
pist ‘nen pushed downward by the ex- 
pan: jas (Illustration 3c); this is the power 
(con ;n-and-expansion) stroke. Before the 
exp phase is finished—that is, before the 
pisto s reached the lowest point of its 
stro :iled bottom dead center)—the other 
valy sns and the fluid begins to escape. In 
the p that follows—the exhaust stroke— 
the piston pushes the products of combustion 
out of ‘ne cylinder through the exhaust valve 

tion 3d). Just before the piston reaches 


lead center, the exhaust valve closes 
intake valve reopens to begin the cycle 
again 

In the work cycle of a two-stroke cycle en- 
gine, the intake and exhaust strokes are elimi- 
nated; the intake and expulsion of the fluid 
occur during a fraction of the time necessary 
for the power and compression strokes of a 
four-stroke engine. Here is how it works: The 
first stroke (Illustrations 3e and 3f) corre- 
sponds to the work phase of the four-stroke 
engine. It begins with ignition and combustion 
and continues until the piston reaches the 
exhaust port A; the burned gas is forced out 
through the exhaust port by its own pressure, 
which remains high. As soon as the transfer 
port C opens, the active fluid is forced into the 
cylinder by the pressure that the piston creates 
in the crankcase D during its descending 
Stroke. The first part of the second stroke 
corresponds to the scavenging (exhaust) and 
intake phases of the four-stroke engine, and 
the second part corresponds to the combus- 
lion phase. Before the stroke is finished, the 
piston frees admission port B, permitting entry 
of fluid. This completes the cycle. Illustrations 
3g and 3h represent the second stroke of the 
two-stroke engine. 
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GALVANOMETERS | measuring electric current 


Galvanometers are instruments used to 
determine the presence and direction of 
electric current and to measure its in- 
tensity, Various kinds of galvanometers 
are in use, Some are used only to reveal 
the presence of current, while others 
both detect and measure weak currents. 
Others are suitable only for measuring 
stronger currents (in this case, however, 
they are called ammeters). Some gal- 
vanometers, especially those made to 
measure weak currents, are extremely 
delicate and can be used only if they are 


la 


attached to a steady support. Others are 
portable and able to withstand bumps 
and jolts. 


THE PRINCIPLE OF 
THE GALVANOMETER 


A Danish physicist, H. C. Oersted, dis- 
covered the principle of electromagnet- 
ism in 1820. The device he used to detect 
the magnetic force exerted on a magnet 
by an electric current was a rudimen- 
tary galvanometer (see Illustrations la 
and 1b). This device consists of a com- 
pass needle suspended on a pivoted pin. 
Left alone, the needle aligns itself with 
the Earth’s magnetic field. As soon as the 
needle reaches equilibrium, a conduct- 
ing wire is placed above and parallel to 
it. When current flows through the wire, 
its magnetic field causes the needle to 
deviate. The deviation depends on how 
much current flows through the wire; if 
there is no deviation, it can be taken no 
current is flowing through the wire. Oer- 
sted's device was improved by making 
the current to be detected (or measured) 
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OERSTED'S EXPERIMENT — A free-swinging 
magnetic needle aligns itself according to 
the Earth's gravitational field (Illustration 1a). 
In this case no current is passing through 
the conducting wire over the needle. 

If the current passes through the conduct- 
ing wire, its magnetic field causes the needle 
to deviate (Illustration 1b). 


flow through many spirals of wire wound 
about the magnetic needle as shown 
schematically in Illustration 2. The cur- 
rent travels (in the direction shown by 
the arrow) along that part of the wire 
above the needle and produces a pair of 
forces that tend to turn the needle. In 
the wire beneath the needle, current 
travels in the opposite direction. Because 
they are on the other side of the needle, 
these forces tend to make the needle 
turn in the same direction as the other 
force couple. The vertical parts of the 


LORD KELVIN'S GALVANOMETER—The final 
direction of the needle is the result of the 
Earth's magnetic field and of the magnetic 
field caused by the current passing through 


the spirals of wire. 
O 
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wire spirals do not contribu: to the de- 
viation of the needle fror: iis original 
position. The first galvan: ers based 
on these principles were b 1890 by 
the Irish physicist Lord K« ind were 
almost as sensitive as tho: it today, 
NOBILIS SUSPENSION 

The Italian physicist L: » Nobili 
found that he needed an 'ely sen- 
sitive radiation detector i: o study 
the energy of each secti: he light 
3 

NOBILI'S SUSPENSION—T v^ sal mag- 
netic needles pointing in op} rections 
are placed side by side. W rrange- 
ment the influence of the £ »agnetic 
field is eliminated. 

spectrum. To make these : ments, 
Nobili exploited the priv of the 
thermoelectric cell (that i: device 


that generates a potential proportional 
to the heating of a part of the cell that 
is exposed to radiation). He, therefore, 
had to build a very sensitive galvanom- 
eter. Lord Kelvin's galvanometer had 
one drawback: the magnetic needle was 
held in its position of equilibrium by the 
force of the Earth's magnetic field. It 
was also influenced by the magnetic 
fields generated by other electromag- 
netic forces as well as by forces gen- 
erated by a moving iron mass some dis- 
tance away. Therefore, the needle could 
deviate from its position of equilibrium 
even if no current passed through its 
own coil. 

Nobili overcame this drawback by us- 
ing the arrangement shown in Ilustra- 
tion 3, the astatic galvanometer. Two 
magnetic needles placed side by side in 


opposite - »ections cancel out the effect 
of the ihs magnetic field. Current 
flows t ~2h two solenoids whose spi- 
rals ax iled in opposite directions 
around wo needles so that they ro- 
tate in same direction. The position 
of equi im of the two needles is the 
positio; they assume when they are 
suspen: hey are hung from a fine 
metal | ietallized quartz) wire that 
holds t! » a fixed position. If current 
tends t: c them, it must exert a force 
couple ler to twist the wire. 

Oerst apparatus, Lord Kelvin's 
galvano: er, and Nobilis astatic gal- 
vanom: re all described as movable- 
needle anometers, because current 
flowing ugh the coil is indicated by 
movem f the needles. 

D'ARS VAL’S GALVANOMETER 

D'Arso : galvanometer, first devised 
by the ach physicist Jacques Arsene 
d'Arsc measures current through 
the rc it causes in a coil placed 
in th se magnetic field of a perma- 
nent t (see Illustration 4a). The 
coil i: ‘ed in the magnetic field be- 
tweei pole tips of the permanent 
magn: ` he coil is formed by thousands 
of spi vf fine wire, 0.1 mm (about 
0.004 ə less thick, suspended from 
a wire le of copper, bronze, or metal- 
lized uuariz. Since quartz wires can be 
extrer slender, even the weakest cur- 
rent cau rotate the coil from its position 
of equ ium. Current leaves the coil 


through a small spiral wire underneath it. 
Modern galvanometers are constructed 
using this model. The shape of the mag- 
netic field is of great importance; it is 
necessary to create a radial magnetic 
field in the space where the small, cur- 
rent-bearing spiral is located. To obtain 
a field of this kind, pole tips must be 
placed between the poles of a horseshoe 
magnet as shown in Illustration 4b. The 
pole tips must be on either side of the 
gap between the ends of the magnet; the 
iron cylinder F is placed in this gap, 
which has a semicircular cross section. 
The lines of force of the magnetic field 
cross this space radially. A situation is 
created wherein no matter what posi- 
tion the coil is in, it is always subjected 
to the same rotational forces by the cur- 
rent flowing through it. Therefore, the 


D'ARSONVAL'S GALVANOMETER—A coil is 
placed in the magnetic field of a permanent 
magnet (Illustration 4a). When electric current 
passes through the coil, the current’s mag- 
netic field causes the coil to rotate. 

Illustration 4b shows the same kind of gal- 
vanometer, represented schematically and 
seen from above; the current flows in the di- 
rection of the arrows. 
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angle of deviation depends only on the 
intensity of the current and the elasticity 
of the suspension wire. This last factor 
is a constant, so the rotation (or deflec- 
tion) of the coil is proportional to the 
current. 


MEASURING CURRENT WITH 
A GALVANOMETER 


The galvanometer reduces measurement 
of current to the determination of the 
angle of rotation of the coil through 
which the current flows. For weak cur- 
rent, small angles of rotation must be 
measured. This is usually done by reflec- 
tion, which consists of attaching a light- 
weight mirror to the wire that holds the 
coil (see Illustration 5). This mirror is 
illuminated by a small beam (see Illus- 
tration 6). The projector of this beam is 
placed opposite the galvanometer; the 
beam strikes the mirror, is reflected, and 


is focused in a vertical line image. The 
image is focused on a piece of ground 
glass on which a millimetric scale has 
been cut. The instrument is adjusted so 
that when current is not passing through 
the coil and the movable part of the in- 
strument is in equilibrium, the image re- 
flected by the mirror falls on the exact 
center of the scale. When enough cur- 
rent circulates in the coil to twist the 
wire, the mirror also rotates and reflects 
the light beam to a different point on 
the scale. 

The sketch in Illustration 6 shows that 
the angle made by the light beam going 
from the mirror to the scale is double the 
angle of rotation of the mirror and, 
therefore, of the coil. The reflection has 
thus amplified the rotation of the wire. 
For this reason the method used in read- 
ing the result is called the optical lever 
method. Some modern galvanometers 
are housed in casings that, aside from 
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SUSPENSION OF THE MIRROR—The circular 
mirror is hung from a fine wire inside a vertical 
tube. The wire can be copper, bronze, or 
metallized quartz. The coil is suspended un- 
derneath the mirror and located within the 
magnetic field. 
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REFLECTION METHOD—The light ray a from 
the projector P strikes the mirror S of the gal- 
vanometer. In a state of rest—that is, without 
current—the ray is reflected to the central 
position b on the graduated scale G. When 


current travels through the coil, the mirror 
rotates and the reflected ray moves along the 
scale toward c. The amount of this displace- 
ment provides a means of measuring the cur- 
rent. Shown are the actual instruments used. 
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protecting them from dust and drafts, 
contain a system of mirrors that shortens 
the distance needed to read the measure- 
ments. The graduated scale is placed on 
one side of the casing. The current 
needed to deflect the reflected beam one 
milimeter on the graduated scale is 
called the sensitivity of the galvanom- 
eter. Ordinary galvanometers have a 
sensitivity of 0.0001 microampere. To 
cope with extreme sensitivities and lim- 
its imposed by molecular agitation, a 
sensitive galvanometer must have an 
intense magnetic flux, a fine suspension 
wire, a coil with many spirals, and a 
large coil. The larger the coil the greater 
the force couple the magnetic field 
exerts on the current. The permanent 
magnets used in building galvanometers 
have a magnetic flux that cannot exceed 
a certain value. A first limit, therefore, 
is imposed by the materials used in mak- 
ing magnets. The other three conditions 
are interdependent. The coil cannot be 


too big (or the spirals too many) be- 
cause these factors would necessitate too 
heavy a suspension wire, which would 
have an elastic constant so high that it 
would lower the sensitivity of the instru- 
ment. Also, a coil that is too large has a 
sizable inertia that impedes an instan- 
taneous response to the force couples 
exerted on it by the current. Too much 
time would be required to reach the de- 
viation that corresponds to the amount 
of current passing through the coil. 
The best compromise of these three 
conditions has enabled the construction 
of extremely sensitive galvanometers. 
These instruments produce a deflection 
of 1 mm on the scale when 0.00001 mi- 
croampere (that is, ten million times less 
than the current needed to light an or- 
dinary flashlight) flows through the coil. 
Nevertheless, building such sensitive in- 
struments means overcoming consider- 
able design difficulties. The moving 
parts (the coil, mirror, and suspension) 


of these instruments are so light that 
they are affected by the col’ ons of air 
molecules. The optical leve thod am- 
plifies the effects of these sions in 
the oscillations of the pointe is possi- 
ble to measure extremely v currents 
with galvanometers—even ci ts equiv- 
alent to the movement « million 
electrons per second. 

AMMETERS 

A strong, portable version galva- 
nometer can be made by ng the 
coil on two steel needles t we held 
by two ruby sockets; this is ; suspen- 
sion. The forces pulling th back to 
its equilibrium positions a: rted, in 
this case, by a spiral spring r to the 
one used for the balance l of a 
watch. However, pivot su on cre- 
ates friction that makes instru- 
ments much less sensitiv i those 
with wire suspension, and seldom 
have sensitivities greater t! wt 0.1 
microampere. 

With such techniques i: ble to 
build ammeters (also calle ' reme- 
ters), which are instrum ed to 
measure strong currents ilustra- 
tion 7). Assume, for exam) a gal- 
vanometer with pivot susp. as an 
internal resistance of 20 N This 
internal resistance is equa! esist- 
ance of the wire used in th us the 
resistances of the conduct iat go 
from the binding clamp: xternal 
terminals) of the instrumen: ve ends 
of the coil. Assume the task of having to 
measure currents of up to 10^ | umperes) 


with an instrument whose internal resist- 
ance is 20 Q. The maximum allowable 
needle deflection is obtained with a cur- 
rent of 0.01 A. Therefore, the instrument 
cannot tolerate the full current that is to 
be measured. In order to make the mea- 
surement, a 0.02 Q resistor is put in par- 
allel with the galvanometer. In traversing 
this circuit, electric current separates into 
two branches whose intensities are in- 
versely proportional to the resistance each 
meets. Therefore, of the total current, 
0.001 A passes through the galvanometer 
and 0.00999 A passes through the parallel 
resistor. Ten amperes than can pass 
through the circuit. In this case only 0.01 
A passes through the galvanometer and 


RENT AMMETERS—The illustra- 
(in section) the permanent magnet, 
coil suspended between two 
\gs, and the iron core. When cur- 
he coil rotates on two suspension 
jing the pointer as it turns. When 
stops, the coil is returned to its 
;) position by the springs. 
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»e pointer to the bottom of the 
scale can, therefore, be divided 
parts, each corresponding to one 


an Ammeters that are in common 
usc onstructed this way. Because it 
isn to fabricate a precise low-value 
res to connect parallel with the 
gal neter, a suitable chosen resist- 
anc idded to the parallel resistance 
in to create an exact ratio with the 


re: ce in the parallel circuit. The in- 
strument described here is used to mea- 
sure intensities of direct current. In order 
to measure alternating current it is nec- 
iry to substitute an electromagnet ( ac- 
tivated by alternating current) for the 
permanent magnet (see Illustration 8). 
'The direction of flux in the electromagnet 
is inverted at every half period. The mov- 
ing parts are subjected, therefore, to a 
magnetic force that changes direction 
with the current. The pointer tends to 
oscillate, following the behavior of the 
current, However, the movable parts have 
inertia and, as the frequency of the alter- 
nating current increases little by little, 
these parts are less and less able to follow. 
Finally, the pointer is stabilized in a posi- 
tion a measurable distance away from 
zero. This distance depends on the 
strength of the current to be measured. 
Another type of ammeter-the electro- 


dynamic ammeter—is considerably more 
accurate than the ammeter just described. 
Such ammeters are usually made only in 
the best-accuracy classes (laboratory 
standard and portable standard instru- 
ments) and are used in the calibration 
laboratory. Electrodynamic instruments 
utilize the magnetic fields of two sets of 
coils, one fixed and the other movable. 
Each coil carries a current which is a 


ELECTROMAGNETIC AMMETER — This am- 
meter is used to measure both alternating and 
direct currents. Current flows through the cop- 
per wires of the coil (seen in section) and cre- 
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function of the current or voltage to be 
measured; the reaction between the fields 
of the two coils supplies the torque for 
the moving system. Here also, as in the 
instrument previously described, the en- 
ergy storage in the magnetic fields of the 
coils is proportional to the square of the 
coil current, and electrodynamic amme- 
ters respond to rms (root mean square) 
current or voltage. 


ates a magnetic field that acts on an iron bar. 
The iron bar rotates, which also causes the 
fine shaft, connected to the pointer, to turn. 
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THE GAS- TURBINE 


This discussion encompasses an exam- 
ination of a recent series of heat engines 
constructed by man: the gas turbines. The 
field of application of this engine is as 
i 


APPLICATIONS OF THE GAS TURBINE—The 
principal application of gas turbines is in high- 
power industrial installations where they take 
the place of more traditional types of heat 
engines. 

The engine room of a thermal power station 
is shown in Illustration 1a. The high-pressure 
unit is on the right, while the low-pressure 
unit is installed on the left, together with the 
alternator, which is directly connected to it. 
Installations of this type are particularly suit- 
able for intermittent operation during periods 
of the day, month, or year, when the demand 
for electric energy is at a peak. This kind of 
operation is feasible because of the particular 
characteristics of the gas turbine, especially 
the ease with which it can be started and 
maintained. 

The gas turbine is frequently used in the 
field of marine propulsion and railroad trac- 
tion. In the automotive field these turbines 
have been limited to experimental cars and 
trucks. Just as in the case of internal com- 
bustion engines, the best test bench for gas 
turbine cars is provided by motor racing. In 
Illustration 1b a gas turbine car is shown par- 
ticipating in the 1967 500-mile race at Indian- 
apolis. This car led the race from the first lap 
until three laps from the end. Although an 
ordinary mechanical breakdown prevented it 


characteristics of a 
modern heat engine 


In some fields of appli probably 
will eventually replace oth: eS, 

The first studies regardi 
that could function on g 


yet rather limited, but from the numer- 
ous studies currently being undertaken, 
the gas turbine is likely to have a success 
as great as that of other heat engines. 


; turbine 
ibtained 
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forecasts regarding its possible applications to 
wheeled vehicles. 


from winning the race, the car showed quite 
clearly that the gas turbine had reached a 
level of development that permits optimistic 
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!MODYNAMIC CYCLE— The two 
trate the thermodynamic cycle of 
ine. This cycle is of the simplest 
3 the one that is carried out in the 
iallation that will be discussed. The 
elate to a closed cycle, but this 
necessarily mean that the engine 
jn a closed cycle; only that it does 

» its active fluid. 
ie thermodynamic point of view, It 
matter whether the gas is always the 
is changed at the end of every cycle. 
ortant thing is that the thermodynamic 
s of the gas at the entrance to the 
essor and at the exit from the turbine 


from the combustion of various fuels 
were begun before World War II, dur- 
ing the 1930s. Among the early achieve- 
ments in this field, the most revolutionary 
(because it concerned the early aircraft 
industry) was the application of the gas 
turbine to the turbojet engine, of which 
it is an essential part. The past 20 years 
of progress in the entire field of aircraft 
construction can be attributed to this de- 
velopment of the turbojet engine. 
Attempts to apply the gas turbine to 
land and sea transport, as well as to 
aircraft propulsion, began immediately 
after World War II. Automobile manu- 
facturers all over the world have since 
been carrying out intensive studies and 
research, but, so far, it has been pos- 
sible to construct only experimental ve- 
hicles and racing cars. More satisfactory 
results have been obtained in marine 
propulsion, particularly in recent naval 


should always be the same. Point 1 on the 
graphs represents the entrance of the air into 
the compressor by means of a flow that can 
be considered to be adiabatic. The pressure 
of this air is then brought up to the value cor- 
responding to point 2. The heating is begun 
at this point (either in a heat exchanger or by 
means of direct combustion, according to 
whether the turbine operates on a closed or 
an open cycle); this heating, which is accom- 
panied by an increase in the volume, continues 
to point 3. The expansion of the gas in the 
turbine Impeller proper (turboexpander) takes 
place between points 3 and 4. Along the line 
1-4 the gas is either expelled or brought back 


construction. Originally applied to small, 
fast craft—such as torpedo boats and hy- 
drofoil craft-the gas turbine is now 
used by the navies of many nations (the 
United States, United Kingdom, the So- 
viet Union, Germany, Canada, Italy, and 
others) as the primary power source for 
ships up to 5,000 tons displacement. The 
gas turbine is also coming iuto increased 
use in the field of railroad traction. 
Nevertheless, the principal application 
of the gas turbine is currently found in 
industrial installations, generally those 
with a high power rating (such as power 
stations), and similar uses where the gas 
turbine can replace piston engines or 
steam turbines efficiently and economi- 
cally. 


WHAT A GAS TURBINE IS 


The part of the gas turbine that actually 


to its initial condition. If the gas turbine is 
operated on a closed cycle, the air leaving 
the turbine must be sultably cooled in order 
to bring it back to the conditions of point 1. 
If the turbine is being operated on an open 
cycle, the gas is discharged from the engine 
at a temperature T, and a pressure P,mP, 
and is then replaced at the entrance to the 
compressor by an identical quantity of new air 
at the same pressure P, but at a temperature 
T,. It makes no difference from a thermody- 
namic point of view which of these two meth- 
ods is adopted; the graphs may be different 
however, in the case of more complex cycles. 


produces the motive power is a compo- 
nent very similar to the steam turbine; it 
too, consists essentially of an impeller and 
has fixed and mobile vanes where the en- 
ergy derived from the expansion of a gas 
is converted into mechanical work. The 
other major components of the gas tur- 
bine are the compressors, combustion 
chambers, burners, and (in certain 
cases) heat exchangers. All these have 
essential functions. The term “gas tur- 
bine” is thus more properly applied to 
the entire complex of components that 
it comprises. 

Reduced to its simplest form, the op- 
erating principle of the gas turbine is as 
follows: air is compressed by a compres- 
sor and brought up to a certain pressure; 
it then enters a combustion chamber 
where some type of fuel is being burned 
(methane, diesel oil, naphtha, and so 
forth), which leads to the formation of 
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LAYOUT OF THE PLANT—A gas turbine in- 
stallation can operate either on an open cycle 
or a closed cycle. In the first case (Illustration 
3a) the gas turbine is an endothermal ma- 
chine because the combustion that supplies 
the heat to the active fluid occurs within the 
machine itself. The simplest type of open cycle 
installation, therefore, consists of a compres- 
sor C, a burner B, and a turboexpander (im- 
peller) T. As shown in this illustration, the 
compressor, the turboexpander, and the user 
G (which can be a generator or some other 
machine operated by the turbine) are arranged 
on the same axis. This is the simplest solution, 
and is the one that is universally adopted. The 
impellers of the turboexpander are sometimes 
divided into two stages, although they are 
still mounted on the same axis; the first stage 
operates the compressor, while the second 
supplies power to the machine being driven. 
In general, the compressor and the turboex- 
pander are housed in a single casing or body; 
in the special case shown in Illustration 3b 
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this casing also houses the burners. As shown, 
this arrangement is advantageous in that it 
ensures a machine with a rather compact 
structure. In the case of a gas turbine with a 
complex cycle, the installation is divided into 
two units, one of which operates at high pres- 
sure and the other at low pressure. An open- 
cycle arrangement of this type is shown in Il- 
lustration 3c. In this case the high-pressure 
unit is self-sufficient; that is, the turboexpander 
supplies the power needed to operate the 
high-pressure compressor, while the low- 
pressure unit supplies the useful power out- 
put of the turbine and also the power required 
by the low-pressure compressor. This arrange- 
ment makes it possible to attain higher overall 
efficiencies. This turbine operates in the fol- 
lowing manner: after being filtered, the air is 
first introduced into the low-pressure compres- 
sor 1 and is then cooled in a cooler 2 in order 
to lower the temperature that has been raised 
as a result of the passage through the com- 
pressor. The air then passes from the cooler 


heat. exchanger 
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to the high-pressure compressor 3 and the 
burner 4, where the combustion of a first part 
of the fuel (about two thirds of the total) takes 
place. After the air heated in this manner has 
expanded in the high-pressure turbine 5, the 
gas (which still contains a considerable quan- 
tity of unburned air) passes into the low-pres- 
sure burner 6; further fuel is burned there; the 
gases then expand in the low-pressure turbine 
7 and discharge into the atmosphere. Installa- 
tions of this type have been constructed with 
power ratings of 50,000 hp and in special 
cases they can be used advantageously in 
power stations to drive the appropriate alter- 
nators. 1 

In the case of a closed cycle installation 
(Illustration 3d), the air is never mixed with the 
combustion gases, and in such cases the 
burner acts also as a heat exchanger. The 
remainder of the installation is similar to the 
one shown in Illustration 3a, but now includes 
a cooling unit to bring the air back to its ini- 
tial thermodynamic condition. 


NER—The burner is an extremely 
part of a gas turbine, and the effi- 
he machine depends essentially on 
r functioning of this unit. The burner 
ı number of problems, some opera- 
others constructional. From the 
point of view, a burner must ensure 
ombustion in order to avoid loss of 
and the collection of unburned par- 
»e various ducts of the turbine. Loss 
ə in the burner must be limited be- 
ry pressure loss results in a loss of 
The flame must be stabilized and 
ver a wide range of fuel supply rates. 
of fuel supply can be made to vary 
je range; at the moment when the 
ne is started, it may amount to as 
5$ percent of the rate at full load and 
must be stable even under these 
The heat losses must be limited 
temperature inside the exit ducts 


ely hot gas at a prescribed pres- 
fhis gas is then expanded in the 
which is wholly analogous to 
ocess to which steam is subjected 
in a steam turbine. 

In some installations the compressed 
air is not mixed with the combustion 
gases, but is simply heated by means of 
a heat exchanger. In this case, only the 
air is brought up to a high pressure and 
temperature, and is then expanded un- 
der pressure in the turbine. In the first 
example the turbine is said to operate on 
an open cycle—the combustion gases 
cannot be used again and the air must 
be continually replaced. 

In the second example, the air can be 
recycled after it has expanded in the tur- 
bine, Suitable means of cooling is used 
to bring this air back to its initial tem- 
perature prior to being compressed at 


must be uniformly distributed. From a manu- 
facturing point of view, the burner must be 
made from materials capable of resisting the 
high temperatures involved and also the high 
mechanical stresses caused by frequent tem- 
perature variations. 

Simply stated, a normal burner for a gas 
turbine consists of a tube with a large number 
of holes; it surrounds the combustion zone and 
is known as the flame tube. Only a part of the 
air coming from the compressor (the primary 
air) enters the first part of the flame tube; the 
remainder of the air (secondary air, cooling 
air) is introduced farther on. This fractioning 
of the air intake permits the stabilization of 
the flame and the complete combustion of the 
fuel, thereby avoiding loss of efficiency and 
the formation of carbon deposits. The fuel in- 
jector is placed at the bottom of the flame 
tube. The fuel (which, in the case of liquid 
fuels, is injected in vaporized form) ignites as 


the start of the second cycle. This type 
of turbine is, therefore, described as op- 
erating on a closed cycle. 

From a thermodynamic point of view, 
it makes no substantial difference 
whether the turbine operates on a closed 
or an open cycle. There will, however, 
be differences in the way the turbine op- 
erates, in the various accessory parts of 
the installation, and in the constructional 
layout. In an open cycle turbine, for ex- 
ample, the air is continually changed 
and so must be filtered to avoid accumu- 
lation of dirt in the compressor vanes as 
well as abrasion of the turbine vanes. Dif- 
ferences in thermal efficiency will also be 
incurred between the two cycles. 

Some installations make use of a com- 
bination of the two systems: one part of 
the installation operates on an open Cy- 
cle, while the mass of the air in the other 


soon as it leaves the nozzle of the injector and 
comes into contact with the air. The fuel is 
first ignited by an electrical ignition device. 
The part of the flame tube in the immediate 
vicinity of the fuel injector Is sometimes lined 
with refractory material to increase its resist- 
ance to the heat. The flame tube is contained 
in an outer casing that is pressure-resistant, 
and that channels the compressed air arriving 
from the compressor. The preferred fuels are 
gaseous ones (methane, for example) that do 
not leave any traces of ash or carbon. Never- 
theless, liquid fuels such as diesel oil are most 
widely used. It is also possible for very power- 
ful turbines to use less costly heavy naphtha, 
but this fuel must first be subjected to suitable 
treatments to avoid corrosion of the impeller 
vanes by the sodium and vanadium that are 
generally present in naphtha, Pulverized coal 
is sometimes used as fuel in large gas turbines 
operating on a closed cycle. 


part operates on a closed cycle and is 
heated by means of the combustion tak- 
ing place in the open cycle part. Cycles 
of this type are known as hybrid cycles. 

Quite obviously, not all gas turbines 
operate in the same manner; they differ 
considerably depending on application 
and manufacturing criteria. Additionally, 
as in the case of the steam turbine, a gas 
turbine installation can consist either of 
a single unit or of two separate units, one 
of which operates at high pressure and 
the other at low pressure. 

The illustrations show the thermody- 
namic cycle of the gas turbine, a repre- 
sentative plant layout, and the function- 
ing of the burner. Other kinds of cycles 
and equipment are used in installations 
of a special nature; all, however, are 
based on the three fundamental ele- 
ments: compressor, burner, and turbine. 
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GEARS | 


The problem that occurs most frequently 
in modem technology is the transmis- 
sion of movement from one part of a 
system to another. This problem is most 
frequently connected with the transmis- 
sion of mechanical power to a complex 
of parts constituting a machine. 

Every day, men use a great number 
of mechanisms in which the transmis- 
sion problem has been solved. The clock, 
electric shaver, washing machine, eleva- 
tor, bicycle, and automobile—all contain 
complex systems of moving parts. These 
parts can be differentiated into two es- 
sential groups: (1) those that transmit 
motion (drivers) and (2) those that re- 
ceive the motion (the driven). The driven 


the transmission of movement: 
an ever-present problem 


gears in a machine can become drivers, 
moving other gears, which in turn can 
become drivers—and so forth until an 
autonomous mechanical complex, called 
a gear train, or transmission, is formed. 
In an automobile, for example, the mo- 
tion of the pistons in the engine is trans- 
mitted by the connecting rods to the 
crankshaft, and from the crankshaft-by 
way of the gear box—to the drive shaft, 
the differential, and the semiaxles, to the 
wheels that move the vehicle. 

In some mechanisms, many parts rotate 
about an axis—called the axis of rotation, 
bearing, or shaft axis. For these mecha- 
nisms, the problem of transmitting mo- 
tion has been resolved in various ways. 


SPUR GEARS—The simplest gears have teeth whose faces are par- 
allel to the shaft axis. They are called spur gears and are used to 
transmit motion between parallel shafts as shown in the inset at 
the left. The speed reduction ratio between the shafts is given by 
the ratio of the numbers of teeth in the gears. 


Today this transmission is often accom- 
plished by means of flexible or articu- 
lated parts (belts and chains) or by a 
system of gears. 

Flexible or articulated s are used 
where a simple and ine: e method 
of transmission is desire +r example, 
in mechanisms not requi gh power, 
Chains are used for | s, motor- 
cycles, and some small i combus- 
tion engines. Belts are : ; factories 
where a single motor : im many 
machines simultaneously are used 
with the electric motor: mpressors 
and pumps and in many r applica- 
tions. 

Transmission by gear ; is more 
precise than transmissio hains or 
belts. Gears permit the | ission of 
high power with a mini ss of ef- 
ficiency. Because they m operated 
at a high number of revo per min- 
ute, they may be used in ! peed ap- 
plications. The more im; applica- 
tions are in variable spec« missions. 
In such transmissions, a sy hange is 
accomplished by shifting that is, 
by changing the gears tl n mesh, 
In order for gears to mesh ist have 
the same tooth profiles : npatible 
geometric characteristics m tech- 
nology has developed v: tandard 
gear tooth profiles to pern change- 
ability and to facilitate t {ting of 
gears. The lathe provides mple of 
gearshift; the simple mover fa lever 
changes the movement o tool and 
the speed of the mandre! dreds of 
different cutting speeds cai obtained 
in this way. Further exam; of gear- 


shifts are seen in other m: tools, in 
automobiles, and generally any ma- 
chines that require a variable shaft speed. 

Gears also have the capability of 
transmitting motion between nonparallel 
shafts—shafts whose axes converge—or 
flexible shafts. In the differential of an 
automobile, for example, motion is trans- 
mitted from the crankshaft of the engine 
to the wheels in two perpendicular direc- 
tions by means of a complex of bevel 
gears. 

The accompanying illustrations con- 
sider the manufacture and the mechan- 
ical characteristics of various types of 
gears, which are examined from a theo- 
retical point of view. 


HELICAL GEARS — Gears with helical teeth 
provide greater smoothness and quietness in 
transmission than spur gears. When a tooth of 
the driving gear engages a tooth of the driven 
gear, the contact between the profiles takes 
place gradually, from one end of the tooth to 
the other, along an oblique line—not frontally 


as in the contact between spur gear teeth. 
Therefore, the impact of contact is smaller and 
causes much less noise; furthermore, the time 
of engagement between the two teeth is longer 
than it is with spur gears, and the transmission 
is smoother. Helical gears also have a higher 
load-carrying capacity than spur gears. 


THE AUTOMOTIVE DIFFERENTIAL — One of 
the most important applications of gears is in 
the differential of an automobile. Illustration 
3a is a cutaway view of an automobile differ- 
ential. Various versions of this mechanism 
exist, but the principle by which they function 
is substantially the same. The rotational mo- 
tion of the drive shaft a is transmitted by way 
of the pinion b to the crown c. To the crown 
are connected two spiral bevel gears p, p 
called planets, which transmit the motion to 
the wheel axles. Between the two planets are 
interposed two other spiral bevel gears s, s 


that are known as satellites. 

The planets and the satellites comprise the 
so-called planetary group (Illustration 3b). The 
planetary group functions as follows: when 
the wheels of the automobile are moving 
straight ahead, their reduction rate is the 
same; in a curve, however, the velocity of the 
inside wheel is lower than that of the outside 
wheel. In this situation, the satellites cause the 
wheels to revolve at different speeds, permit- 
ting the automobile to take the curve without 
dragging the tire. 


MITER SPIROID AND HYPOID GEARS — The 
drawing (inset) shows a bevel gear coupling 
with straight teeth. With this system (see Illus- 
tration 3) rotary motion can be transmitted be- 
tween two axles that are perpendicular to each 
other. The photograph below depicts a cou- 
pling of bevel gears with spiroidal profiles; 
these gears are equivalent to gears with helical 
teeth and, similarly, they provide a smooth, 
quiet transmission. With these types of gear 
couplings, transmission can occur between 
nonintersecting perpendicular shafts. They are 
called hypoid couplings and can be arranged 
to increase the power capacity, a feat that is 
impossible with the other types of gears, Fur- 
thermore, pinions with fewer teeth can be used, 
permitting a greater speed reduction. For this 
reason, hypoid couplings are used as reducers. 
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GLASS 


Glass, a material extensively used in 
everyday life, has been employed by 
man since very early times. The Roman 
historian Pliny the Elder relates an an- 
cient tradition concerning the chance dis- 
covery of glass by the Phoenicians. The 
story goes that a group of merchants had 
lighted fire on the beach, with the help 
of some saltpeter. After some time they 
noticed that the sand had fused with the 
saltpeter to produce a syrupy substance 
that remained transparent and homo- 
geneous even after solidification. There 
may well be a kernel of truth to this 
legend. The largest centers of glass pro- 
duction in ancient times were in Phoeni- 
cia (now Lebanon); the finest glassware 
known at that time came from the cities 
of Sidon and Tyre. The oldest glass ob- 
ject so far discovered is an urn dating 
back to the seventh century B.c. 

Glass manufacturing techniques have 
undergone a slow evolution since ancient 
times. A period of particularly rapid de- 
velopment occurred after the Etruscan 
period, however, because it was dis- 
covered at that time that glass could be 
blown into a variety of different shapes 
and forms. The technique of glassblow- 
ing remained substantially the same dur- 
ing the course of history, at least until 
the industrial revolution. Modern mech- 
anized methods have not only made it 
possible to produce glass on a large scale; 
they have also led to a substantial reduc- 
tion in costs and labor. 


THE PROPERTIES AND 
COMPOSITION OF GLASS 


Glass (and other vitreous substances in 
general) are homogeneous products that 
exhibit many of the properties of liquids 
as well as the strength of solids. One of 
these properties is isotropy, a condition 
in which the physical and chemical char- 
acteristics of a substance always remain 
the same no matter in what direction they 
are measured at a point. A crystalline 
solid always displays a certain anisotropy 
(the opposite of isotropy ). Thus, its prop- 
erties (such as hardness, cleavage, light 
refraction, and so forth) can differ ap- 
preciably in terms of the direction in 


a “liquid” in the solid state 


which they are measured at a point. 
Crystalline substances may sometimes 
seem to exhibit homogeneity and isot- 
ropy. For example, a steel bar made up 
of an aggregate of small crystals generally 
has the same tensile strength and the 
same hardness throughout its mass with- 


la 
"ci 


= 
time 


THE HEATING CURVES OF AN AMORPHOUS 
SUBSTANCE AND A CRYSTALLINE SUB- 
STANCE—An amorphous substance, such as 
glass, does not have a fixed melting point 
(Illustration 1a, left). A crystalline substance, 
on the other hand, heats up to the melting 
point and then maintains a constant tempera- 
ture until all of the solid has melted (Illustra- 
tion 1a, right). 

Illustration 1b below shows the structure of 
glass. The random arrangement of the chains 
of silicon-oxygen tetrahedrons is basic to the 
amorphous structure. 


lb other ions Q 


out any variation from one point to an- 
other. This occurs because of the large 
number of crystals, all of which are ar- 
ranged in a random manner. Thus, any 
macroscopic measurement of property. 
is the average of the properties that could 
be measured on an individua! crystal, 
Liquids, with the except of some 
very special cases, always 1y identi- 
cal properties despite th ction in 


which they are examined has a 


homogeneity and compach: haracter- 
istic of liquids. At the sanw 1e it also 
possesses some of the vistics of 
crystalline substances. 7 evidence 
clearly indicates, however t glass is 
amorphous rather than crystalline, 

The most obvious prop of amor- 
phous substances is a defined 
melting (fusion) point. W an amor- 
phous solid is heated, it y softens 
into a syrupy state. As hea continues, 
this syrup gradually beco nore and 
more fluid until a fully | state has 
been reached. For comp: Illustra- 
tion la shows the heating, of a typi- 
cal glass and the heatir ve for a 
crystalline substance. 

Because of its poorly d | melting 
point, glass is often cons to bea 
supercooled liquid. The \ ty of the 
liquid increased to such a: nt during 
cooling that the molecules ::vmobilized 
in the same random arrangement of the 
liquid state. 

From a chemical standpoint, many 


substances are capable oí producing 
glass. However, glass is commonly made 
from mixtures of silicates and borates. 
Although these substances are crystalline, 
they have an extremely slow speed of 
crystallization. This speed of crystalliza- 
tion is reduced to almost zero in the glass 
mixture; the product is, therefore, almost 
perfectly amorphous. Substances that 
best satisfy these conditions are the an- 
hydrides and salts of polyvalent acids, 
such as silica, boric anhydride, and phos- 
phoric anhydride. All these substances 
are capable of producing numerous salts 
by combining with the same oxide in 
different proportions. As Illustration 1b 
shows, these substances mix in the glass 
in a completely random manner. 


CLASS ‘ATION OF GLASS 

Types « ss vary considerably in terms 
of con on, Different kinds of glass, 
theref: 1ave different properties. This 
is truc regard to optical properties 
(tran: y, color, index of refraction, 
and sc ) as well as mechanical and 
thern erties. 

Gla erally consists of mixtures of 
meta ates. The metals include so- 
dium ;sium, calcium, barium, lead, 
zinc metimes iron and aluminum. 
Speci s of glass are produced by 
repla e silica with boric or phos- 
phori Iride. Although types of glass 
can b ified according to composi- 
tion ften more useful to classify 
them basis of properties and use. 


On Glass.—This type of glass 
It is used for the manufac- 


is cc 
ture is plates, mirrors, drinking 
glass | a variety of other products. 


vasically of the silicates of cal- 
odium, with some aluminum 


) present. 

lass.—This is similar to ordi- 
nary but the raw materials are not 
as ] on oxide impurities give the 
gla: iacteristic green color. 


Cr This type of glass consists of 


lead »otassium silicates. It is char- 
acte y a high index of refraction 
and efore, an unusual brilliancy. 
Anot pe is Bohemian crystal, which 
is p rily caleium and potassium sili- 
cate 


Special Glas These are used for 
acid-resistant chemical apparatus, injec- 
inges (neutral), thermometers 
(resistance at high temperatures), and 
other special uses such as automobile 
safety glass, 

Optical Glass.—This type of glass con- 
tains phosphoric anhydride, as well as the 
lead and boric anhydrides. Specific index 
of refraction values are required in opti- 
cal glasses. The two classical types of 
optical glass are crown glass and flint 
glass. The addition of boric or phosphoric 
anhydride to these glasses, together with 
other oxides, tends to compensate the 
various optical properties so that correc- 
tion of chromatic and spherical aberra- 
tion is possible by means of suitable lens 
combinations. 

Colored Glasses.—These are easily pro- 
duced by the addition of certain oxides, 


tion s 


COLORATION OF ARTISTIC GLASS—This il- 
lustration, as well as subsequent ones, shows 
some examples of artistic glasses that are 
colored by adding special substances, gen- 
erally oxides, to the molten mixture. The char- 


salts, or elements to the basic glass com- 
position. The table on p. 116 indicates 
that some extremely rare minerals are 
used for this purpose, including the ox- 
ides of uranium. Addition of these sub- 
stances, however, has little effect on the 


acteristic blue and yellow colors shown are 
produced by the oxides of cobalt and cad- 
mium. These oxides are shown in the two 
glass plates next to the finished products. 


cost of the product because minimal 
quantities are required to color the glass. 
The quality and hue of the glass pro- 
duced more than compensate for the ex- 
pense that might be involved in using a 
coloring agent. 


115 


RAW MATERIALS AND quired in the glass); and alkalis—sodium glass in order to avoid a green tint. Any 
GLASS MANUFACTURE carbonate, sodium sulfate, and lead slight colorations caused by traces oj 
oxide. The lead oxide is usually added in iron, however, can be eliminated by the 


The raw materials for glass manufacture the form of red lead (Pb3O,). The sim- addition of manganese(IV) ide. Thi 
must satisfy certain criteria with regard ple oxide (PbO) is not used because it substance oxidizes the iron ^on iron(II 
to impurities. Impurities, even in minimal produces a smoky color. to iron(II) oxide. Iron(1! | oxide pro: 
quantities, can lead to undesirable colors The boric and phosphoric anhydrides duces a pale yellow coli n in th 
or physical properties. The most com- are added to the mixture as the acids. glass, At the same time, th: | manga: 
monly used raw materials are: silica, gen- Scrap glass is frequently used also, par- nese causes a violet hue. 5 iolet an 
erally introduced in the form of very pure ticularly in the manufacture of inexpen- yellow are complementar rs, how: 
siliceous sands; calcium, introduced in sive glass. ever, they cancel each oth the gla: 
the form of highly purefied limestone Only traces of the oxides of iron are appears white with a s reduce 
(dolomite is used when magnesium is re- tolerated in the manufacture of colorless transparency. This decr ranspar: 
ency is proportional to :ntity ol 
iron present in the origi ure, 


COLORS PRODUCED IN GLASS BY CERTAIN ELEMENTS, 
OXIDES, OR SALTS 


Once the composition iss mix- 


ture has been establis} aw ma- 
f color terials are carefully gy st sepa- 
coloring agent odium ane lead rately and then togeth«: ensures 
[ P that a homogeneous mi ill be ob- 
iron(II) oxide FeO green bluish green | yellowish green tained. The grinders use! iis opera- 
iron(II) oxide Fe:0; | bottle green] yellowish | greenish yellow Ph Seas h be 1 
green i 

passes to the melting fui 
manganese(III) oxide Mn.O;| reddish amethyst | reddish violet Melting is subdivided i ree stages: 
"violet violet melting in the true sen the word, 
clarification or refinen: d a final 
chromium(III) oxide CrO; yellowish yellowish orange resting stage. During th: stage the 
green green mixture is dried; this i: d by cer- 
ai stions betwe irbonates 
obale ee ad crea wee ee E blue a T and m TH 
Plug then react with the silic n silicates 
nickel (II) oxide NiO brownish amethyst dark violet of calcium and sodiu: with car- 
violet violet bon dioxide gas. Th: ons take 
place at about 900° C 1,652? EJS 
copper(II) oxide CuO | aquamarine} sky blue green At this temperature thi takes on 
copper(I) oxide Cu;O dark brick yellowish ruby red cop gemi s; he I" 
zed User formed and the mass |) a molten 
uranium(IV ) oxide UO. brownish brownish black liquid. At this point t! erature is 
black black of the order of 1,200 to °C (2,192 

to 2,552? F). 

uranium(VI) oxide UO; greenish | yellow with| topaz yellow In the second stage | emperature 
yellow green is increased to 1,500°C (1,732°F) to 
fluorescence make the mass more fluid and to obtain 


perfect homogenization. Some special 
substances are then added. These decom- 
pose at the high temperature of the sys- 
tem and produce large quantities of 
vapor, which causes the bath to boil again 
and thoroughly mixes the mass. It is then 
allowed to stand. The suspended par- 
ticles and gas bubbles rise to the surface 


neodymium(III) oxide Nd.O; pinkish pinkish reddish violet 


violet violet 


praseodymium (III) 
oxide PrO; green green 


green 


antimony (III) oxide colorless colorless yellow 


antimony(III) sulfide ^ Sb.S; yellow yellow black where they form a foam known.as glas 

i 3 bile. Although this covering protects the 

cadmium sulfide Cds yellow yellow yellow este ae Bem Ha A o 
silver Ag golden golden orange products, it is eventually removed. 

yellow yellow Two types of furnaces are used for 

; melting glass: pot furnaces and tank fur- 

gd = Beist, zediruby ges utu; naces. Pot furnaces are now used only 

id in artisan workshops where small quanti- 

selenium Se red red ted ties of glass are produced. Tank furnaces 


are always used when larger quantities 
are involved, especially in industrial glass 
manufacture. 


golden black 


yellow 


greenish 
yellow 


sulfur 


3c 

OTHER SPECIAL COLORS — These illustra- 
lions show other substances commonly used 
io produce special colors in glass. Some of 
these substances, oxides of rare metals, do 
not greatly influence the cost of the product, 
however, because minute quantities are suffi- 


The fuels that are commonly used in 
glass-melting furnaces are producer gas 
from coal or lignite; oil; coke-oven gas, 
and natural gas. Electric heating is used 


cient to produce intense colors. 

The oxides of cadmium and selenium are 
used to produce the dark red color in Illustra- 
tion 3a. Copper(Il) oxide, on the other hand, 
produces à characteristic aquamarine blue 
(Illustration 3b) whose intensity depends on 


where electricity is cheap and other fuels 
are expensive, as in Switzerland. An all- 
electric melting furnace gives off much 
less heat to its surroundings and gener- 


the quantity of oxide added. Manganese(lll) 
oxide (Illustration 3c), used in varying propor- 
tions, produces different shades of brown. A 
mixture of arsenic, feldspar, and red lead is 
used to produce opaline, or milk glass (Illus- 
tion 3d). 


ates the heat where it is needed mo: 
in the material to be melted. Electricity 
is sometimes used to supplement other 
fuels. 
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HOLOCR AMS-I | lensless photography 


By means of the radiation emitted by a 
laser, it is possible to take photographs 
without having the light pass through 
lenses. This new photographic technique 
is called holography, and the photographs 
obtained are called holograms. The holo- 
gram is an exposed photographic plate 
that in normal light seems to be a gray 
1 


surface on which faint streaks appear. 
The hologram differs from an ordinary 
photograph in several ways. First, it can 
show both real and virtual (or reflected) 
images simultaneously. Second, whereas 
àn ordinary photograph always shows the 
subject from the same point of view, a 
hologram shows it from different points 


AN ORDINARY PHOTOGRAPH—In an ordinary 
photograph, the subject is illuminated by an 
incoherent source of light. Incoherent light is 
produced by common large-surfaced sources: 
an ordinary lamp, the sun, the Sky, and light 
reflected or diffused from the walls of a room. 
A certain level of illumination occurs at each 
point on the surface of the illuminated object. 
This level is produced by the arrival of electro- 
magnetic waves that have come from different 
points of the light source and are not in phase 
With each other. The interaction of these 
waves gives every point a certain illumination 
that can be predicted by the laws of geo- 
metric optics, considering the brilliance of 
the source and the distance of its points from 


those of the subject. Once illuminated, every 
point of the subject reflects and diffuses the 
light it has received. The eye and the camera 
can utilize this light to produce an image of 
the subject. 

Illustration 1a shows a situation wherein 
only a small part of all the light emitted from 
a point of the subject is able to pass through 
the microscopic opening of an opaque dia- 
phragm. If a photographic plate is placed on 
the opposite side of this diaphragm, every 
point of the plate is illuminated by a single 
point of the surface of the subject. The con- 
trast pattern of the surface is thereby repro- 
duced on the plate, producing a photograph by 
the pinhole system. 


of view as the observers visual angle 
moves away from the perpendicular 
the surface. Third, every piece of the sur- 
face of a hologram represents the entire 
subject. In fact, it is possible to illuminate 
a hologram with a laser beam and then: 
block off part of it to show that the image 
is neither destroyed nor limited; it merely: 


An improved system is shown in Illustration 
1b. Here, an objective—or lens—is used to 
produce a better photograph. At every point 
of the subject, part of the light received is 
diffused into the Surrounding area. The dif- 
fused light strikes the lens, which is a much 
larger opening than a pinhole. The light that 
strikes the objective from a single point on 
the subject is then concentrated through the 
lens in a single point on the photographic 
plate. 

An objective with a large diameter in com- 
Parison to the focal length enables dimly lit 
Subjects to be photographed with a much 
shorter exposure time than that required by 
the pinhole System. 


^UFERENCE IN COHERENT LIGHT—This 
ion shows how interference occurs in 
coherent light. L is a laser of any convenient 
type--for example, a pulse laser (giving an in- 
stanianeous image of the observed phenome- 
non) or a gas laser (providing a stable image). 
The parallel, coherent beam of this laser trav- 
els toward the right and hits two objects. The 
first is a small diffusion point P; the other isa 
flat mirror A that reflects the laser beam. Both 
diffusion and reflection cause fronts. The first 


appears less detailed. 

These extraordinary properties open 
up unlimited applications that may be 
realized in the future when the cost of 
laser sources, their potentials, and the 
techniques of their use are more acces- 
sible, It would be possible, for example, 
to make photographs in relief and movies 
in three dimensions, because one of the 
essential properties of holograms is that 
of presenting three-dimensional images. 
Nevertheless, the applications of holog- 
raphy are not limited to the technical 
field, but are also important in certain 
scientific analyses. 

Most applications of the hologram that 


fronts are concentric spheres represented by 
the circular section; the second fronts are 
plane surfaces, represented by the rectilinear 
section, In both cases, an instantaneous image 
is represented because both these groups of 
fronts move with the speed of light. 

A phase difference between the two fronts 
is maintained in their movement. If this differ- 
ence is such that reinforcement occurs at one 
point on screen S, there is light; if interfer- 
ence, dark. This phenomenon is independent 


have been mentioned are still in an ex- 
perimental stage; even s0, results of ex- 
ceptional value already have been ob- 
tained in the laboratory. For example, 
holograms having an extremely high res- 
olution have been produced, and the pro- 
duction and application of color images 
is being studied. The application of these 
techniques to the electron microscope 
seems extremely promising. In a certain 
sense, however, these techniques are as 
primitive today as motion picture and 
photographic techniques once were. A 
photographic lens of the nineteenth cen- 
tury was an object as technologically ad- 
vanced in its day as are laser optics today. 


of the moment of arrival; all the waves that 
meet at a certain point on the screen give 
rise to the same type of interference. The end 
result—a diagram of light and dark (on the 
left, between the arrows)—is that the screen 
shows which Is the interference fringe. 

This interference diagram is already a sim- 
ple hologram produced by a subject consti- 
tuting a single diffusion point. 


A hologram is produced by first split- 
ting a beam of coherent (laser) light into 
two beams by the use of a mirror or other 
beam-splitting device. One part is di- 
rected onto the object under observation, 
and the structural details in general lead 
to a highly complex, yet still coherent, 
wave pattern, This is allowed to fall di- 
rectly onto a photographic plate. At the 
same time the other separated part of the 
original beam is also allowed to mix, on 
the same photographic plate, with the dif- 
fracted beams from the object. Since all 
of the light involved is coherent, the re- 
sult of this mixing is to produce local 
interference fringes in situ on the photo- 
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THE HOLOGRAM—A hologram is produced by 
an arrangement analogous to that of Illus- 
tration 2. In the situation illustrated here, a 
larger subject is involved. The illuminator— 
again, a laser—must be equipped with a sys- 
tem of lenses that considerably enlarge the 
beam from its original size of a few millimeters 
to final dimensions comparable to those of the 
subject. This is accomplished by means of a 
telescope focused in reverse on the laser. An 
enlargement can be made with lenses or mir- 
rors, but it must accurately maintain the char- 
acteristics of the wave front produced by the 
laser, for only by conserving the coherence of 
the light is it possible to obtain a perfect qual- 


ity of interference. Part of the beam hits the 
object; part of it strikes mirror plane P (this, 
too, must be optically perfect so as not to 
destroy the coherence of the beam), from 
which it is reflected onto a screen S. If the 
screen is a photographic plate the interference 
diagram will be permanently recorded. The 
point marked on the subject takes the place 
of the single point that appeared in Illustration 
2. Wave fronts diffuse from this point and 
produce a diagram of the same type as in 
Illustration 2. This time, the subject is made 
up of an infinite number of points—each pro- 
ducing its own hologram and unlike all others. 
All these holograms are superimposed on one 
another to form a hologram of the entire 
figure. When the general hologram is observed 
with a lens (because the interference also cre- 
ates close lines that are indistinguishable to 
the naked eye), an extremely fine network of 
fringes is visible. Obviously all these super- 
imposed fringes cause a certain amount of 
darkening, but this does not destroy the qual- 
ity of the image when a large portion of the 
hologram is observed. 

An emulsion with good resolution proper- 
ties must be used to obtain a perfect film. 
This emulsion must conserve a diagram con- 
sisting of very close, fine fringes. Also, in most 
cases, these fringes are spaced at increasing 
or decreasing distances; where they are too 
close, they are lost if the resolution of the 
emulsion is not good enough. Such emulsions 
require long exposure times because they are 
not extremely sensitive. In a laboratory, how- 
ever, the subject is static; thus a long ex- 
posure presents no problem. The most com- 
mon high-resolution emulsions can register as 
many as 2,000 pairs of lines per millimeter 
(alternating light and dark lines). It is possible, 
therefore, to obtain high levels of illumination. 

At the upper left is a hologram as it appears 


J 


before re-illumination by a laser. By means of 
this hologram, it is possible to reconstruct the 


real and virtual images of the subject that has 
been recorded. 


graphic plate, and these are thereby re- 
corded, If the object is a typically com- 
plex, elaborate one (it could be a piece 
of machinery, an animal, or anything), 
then most highly complicated fine-detail 
patterns of close, convoluted, twisting, 
irregular interference fringes are created 
on the photographic plate. The devel- 
oped negative of this fringe complex is 
the hologram. 

By merely reversing the optical system, 


a striking three-dimensional image can 
be reconstructed from a hologram. In this 
arrangement, the hologram transparency 
is illuminated by sending it through a 
parallel beam of coherent light (from a 
laser). Most of the light goes straight 
through, but now the complex of fine 
fringes acts as an elaborate diffraction 
grating, diffracting light at a fairly wide 
angle. If this diffracted light (it is not 
very bright) falls on the eye—that is, if 


the viewer looks through the hologram at 
a suitable angle—he sees behind the trans- 
parency a virtual reconstituted image of 
the original object. 

The illustrations outline the theory of 
the interference of light. The production 
of a hologram is based on this theory. 
The illustrations also help explain how a 
hologram originates, and assist in an un- 
derstanding of some fundamental prop- 
erties of holograms. 
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^ is a picture taken without 
; lens. The picture is made by 
^e luminous interference pro- 
veen a direct laser beam and 


:NSIONAL HOLOGRAPHIC TELE- 
;& illustration shows how a three- 
holographic television set might 
4 black and white system. 
ı 1a shows the system for taking 
: consists of a ruby laser powered 
and having the same frequency 
‘ne photographs to be taken (for 
‘ or 25 per second). Any frequency 
vided it is a value large enough 
aye perceives it as a continuous 


i beam produced by the laser then 


^assegrainian optical system that 
^e narrow laser beam (it has the 


« section as the ruby) until it reaches 


ly large size of the system's para- 
'. The system must be optically per- 
wide beam that leaves it must have 
nce required to obtain a clear holo- 
vage. The beam leaving the Cas- 
system is split in two. One part 
vhich is called the scene. The other 
d, which reflects the coherent laser 
wd the camera system. The beam 
y this mirror plus the beam diffused 


the same beam when it is diffused by an 
object. Experiments on holograms and 
the properties of the images are, at pres- 
ent, carried out with expensive but rudi- 


by the subjects at c is made to impinge on 
the screen of television camera tube e. The 
latter functions as an ordinary tube but has 
a resolution high enough to reproduce the 
detail needed for the holographic image. 

Inside this tube is the electronic scanning 
system typical of television camera tubes; 
the system transforms the holographic image 
into a series of electrical signals. This system 
differs from the ordinary television system 
mainly in that it requires greater fineness of 
resolution, because a hologram requires much 
more detail than is necessary for an ordinary 
image. The contrast of the image taken on 
this screen must be accurately adjusted. After 
the holographic image has been modified for 
transmission, it is fed into device f, which 
transforms it into a wave to be transmitted by 
the antenna g. This part is the transmission 
section. The transmitted image is then recom- 
posed in the receiver. 

Passing to Illustration 1b, the radio waves 
are received by the antenna h. From here they 
pass to the amplifying system i and then to 
kinescope tube I. On the left of system | are 


mentary apparatus. It is difficult to fore- 
see what specific applications will occur 
in the future, in scientific instruments or 
in those of a practical nature. It is inter- 


the electron gun m and the beam deflector 
plates n. These make the electron pencil scan 
the screen p, thus forming an ordinary tele- 
vision image. This screen, however, differs 
from an ordinary television screen (which be- 
comes luminous at the point where it is 
struck by the electron beam) in that it is com- 
pletely transparent except where it is struck 
by the electron beam. It must remain either 
opaque or transparent as long as is necessary 
for the whole image to be formed on the screen. 
As soon as the image has been formed, laser 
q is pulsed. By means of a Cassegrainian op- 
tical system, a beam r is produced that passes 
through the screen, giving rise to the compo- 
sition of the virtual image. It is this image that 
would be seen by the viewer in his own home. 

The insert (bottom right) shows how the 
viewer would see the image from two different 
points of view, one with the right eye and one 
with the left eye. A prism placed on a checker- 
board would be seen by the right eye as In b 
and by the left eye as in c. The combination 
of these two different images gives rise to the 
three-dimensional effect. 
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HOLOC HIC MOVIES—Illustration 2a shows 
how a iimensional movie could be filmed 
by me ' a holographic device. As in the 
televis tem described in Illustration 1, 
the rut r a emits a number of pulses per 
Secon: sponding to the desired number 
of phot ^ic frames per second. (For scien- 
tific us to a million frames per second 
would le. The Cassegrainian optical 
system s the studio area in which the 
subject: » being filmed. The mirror d re- 
flects t ser beam to the point where the 
hologr image is formed. Movie camera 
g—with objective removed—is suitable for 
making ;graphic movies. It is not necessary 
to sto; film, as the laser flash is of ex- 
treme! t duration (about a millionth of a 
secon 

The window in front of g serves only || LASER MOVIE VISION IN COLOR—In princi- 
to pro’. the film from dust. Frame and film |] ple, holographic color films could be made by 
windi: synchronized with the laser flash || using three different machines, each having a 
by mero» of h and h’, which connect the flash ||laser with its own wavelength, as shown in 
to the jia camera. Such a system would ||this illustration. This method would allow a 
produc fiim composed of a series of gray || perfect recomposition of the beam into a color 
frames -> hologram. The film would then have |} hologram. The color quality should be better 
to be cted by means of a special holo- || than that of color television. 
graph ojector such as the one shown in Holograms have the important property of 
Must 2b. This system consists of a pro- 

Jecto: ; a pulser i, which produces beam 2 

m, w illuminates the frame of the film | esting, however, to speculate on how the 
runn! tween the two spools. The system | known techniques could be applied to 
ge st up in such a way as to produce | entertainment and communication. 

a rec ge on screen n. This requires that E 

the ^à be placed in a position relative For example, holographic systems can 
to th angle, so that the image obtained take and reproduce moving picture 
is re nd not virtual. To do this, precise images Likewise, they can be used to 
posi g is important both during filming nets ? an 

and piojocting. produce images on a television screen. 

A culty is imposed by the need to use At present, three-dimensional movie 
the » wavelength of light in the filming and | ; i i T i 
the jecting. Being monochromatic, this images require ome keine I s 
light «s» some color. Although called black | necessary to provide the audience with 
and white, it is really black and green, or | special glasses that are intensely colored 


black and yellow, or some other combination. 
Vision is, therefore, impaired because of re- 
duced contrast. 


or have polarizing lenses. The latter ab- 
sorb much of the light and, therefore, de- 
grade the image and effect. In any case, 
these systems are not satisfactory. Holo- 
grams should be suitable for making 
three-dimensional movies without the use 
of auxiliary instruments. The accompany- 
ing illustrations and text examine the 
possible systems for making motion pic- 
ture or television images as holograms. 

Perhaps one of the most exciting pres- 
ent-day applications of laser holography 
is in the field of nondestructive testing. 
Holographic interferometry is capable of 
detecting displacements as small as a 
half-wavelength of light on every visible 
point of surface. It provides a means of 
making both quantitative and qualitative 
measurements, and can locate minute 
static and dynamic discrepancies in a ma- 
terial, Thus it has the potential of yield- 


permitting the images of the two successive 
photographs to be recorded on the same film. 
Thus, it is possible to obtain two different 
images from the same hologram. If three 
images could be obtained on the same sec- 
tion of film or the same television image, the 
color combinations required for color vision 
could be obtained by means of three lasers 
having different wavelengths. 


ing information that can be used to pre- 
dict where a part might fail. 

The laser also bids fair to prove ex- 
tremely valuable in several production 
processes. Cutting, drilling, shaping, and 
welding have found a number of appli- 
cation areas. Even surface designs are 
possible. 

Two types of lasers are currently used 
to machine or weld metals. A third is 
used primarily for measuring and check- 
ing. The ruby laser is the best known of 
the solid-state crystal lasers, and is the 
only class of "commercial" lasers to be 
excited by a burst of light. Recently an- 
other laser in this class, called the YAG 
(yttrium-aluminum-garnet) laser, has 
come into considerable use. 

The most promising laser for industrial 
applications is the CO; laser, which is a 
gas laser. Unlike the ruby laser, this type 
is excited by an electric voltage. Its main 
advantages are speed, power, efficiency, 
and low maintenance. 

Smallest of the three basic laser types 
is the semiconductor laser, which con- 
sists of a semiconductor "sandwich". 
When voltage is applied to opposite sides 
of the sandwich, excess power is radiated 
from the juncture of the two halves, The 
resulting energy can be in the form of 
either visible or invisible infrared light. 
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INERTIAL 
NAVIGATION-I 


routes through the sea and sky, 
guided by electronic computers 
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There are many methods for determining 
where a ship is located as it moves on the 
surface of the ocean. The simplest of 
these methods is to observe the stars. 
The position of the stars with respect to 
the horizon enables the navigator to lo- 
cate the point on the Earth's surface from 
which those stars are being observed. 
Later, if the stars are obscured by cloud, 
he can extrapolate to calculate the new 
position. Such an extrapolation requires 
only a compass and an instrument for 
measuring the speed of the ship. The 
navigator marks his last known position 
on a nautical chart, plots the direction 
traveled by compass azimuth, and marks 
off the distance covered by multiplying 
the ship's speed by the number of hours 
since the last plot. 

The result obtained from this proce- 
dure is not always precise. The actions 
of wind and current are not accounted 
for and are difficult to estimate with ac- 
curacy. As a result, this method of astro- 
nomical observation and dead reckoning 
has been supplemented or replaced by 
more accurate means of navigation, using 
modern technology to provide the navi- 
gator with more precise all-weather infor- 
mation as to his position. One such 
method is through use of radio or radar 
stations, on land or sea. This involves 
the use of surface reference points, on 
which the ship is dependent for plotting 
its position. 


NAVIGATION WITHOUT 
REFERENCE POINTS 


There are situations in which exterior 
reference points cannot be used. An air- 
craft on a military mission cannot always 
rely on radio information to determine 
its position. Neither can it rely on astro- 
nomical observations. Its flight may have 
to be performed under conditions of low 
visibility. The speed of modern military 
aircraft is such that observations and 
calculations are too slow to fix the plane's 
position in time to make the information 


useful. The pilot of such a plane may be 
able to calculate his position by compass 
and tachymeter (which substitutes for 
the ship’s log in measuring speed and 
distance) in straight line flight, but such 
a system becomes grossly inaccurate 
when maneuvers are performed in flight. 
A submerged submarine, a space ve- 
hicle, a missile, or an artificial satellite 
in orbit, need on-board systems of navi- 
gation that are independent of terres- 
trial observation stations and are cap- 
able of providing an instantaneous fix 
of their positions. The system that fulfills 
such a requirement is called an inertial 
system. The concept of inertia is used 
to give information about speed and di- 
rection without using instruments that 
determine this information from the sur- 
rounding matter—instruments such as 
ships' logs, or aircraft tachymeters. 


NEWTONIAN CONSIDERATIONS 


Newton's second law is formulated math- 
ematically as F — ma, where F is the 
force acting on a body, m is the mass of 
the body, and a is the acceleration im- 
parted to the body. It follows from this 
that if there is no force acting on the 
body (if F equals zero), the acceleration 
is also zero. In the absence of external 
forces, therefore, a body will continue to 
travel at a constant velocity. This im- 
portant conclusion is stated indepen- 
dently in what is known as Newton's 
first law: A body at rest remains at rest; 
a body in motion moves in a straight line 
at a constant speed unless it is acted on 
by an external force. This can be dem- 
onstrated by the following situation. A 
pendulum—consisting of a thread sup- 
porting a mass of 1 kg—is hanging from 
the ceiling of a vehicle that is accelerat- 
ing at the rate of 1 km/hr each second. 
The pendulum will lag behind the ver- 
tical as the vehicle accelerates. Applying 
Newton's Laws to this phenomenon estab- 
lishes the fact that the amount of lag is 
in proportion to the acceleration of the 


vehicle. The French mathemat Jean 
Le Rond D'Alembert interpret: s lag 
to be produced by a force | the 
inertia force—exerted in the dir n op- 
posite to the vehicle's accelerati: 1 the 
example stated, this "force" is : to 0. 
DETERMINING SPEED 

The acceleration of the movi hicle 
in the example just given can alcu- 
lated by reversing the proc de- 
scribed—that is, by going from '0ve- 
ment of the pendulum to a me: ment 
of the forces exerted on the * car- 
rying it. 

This can be explained by vi inga 
train standing still on a stretch ught 
track. An observer is standin to a 
pendulum equipped with a qu: that 
allows him to measure its a: F in- 
clination. 

When the train is set in 7 the 
pendulum inclines backward, am- 
ple, the train moves out and ngle 
of inclination shows an accel a of 
1 m/sec for each second. Thi: < 1ues 
for 10 seconds. After this per the 
train continues to move, bui n no 
further acceleration for a half | The 
total distance covered is calev'sted as 


follows: 

For 10 seconds, the train incre 
speed by 1 m/sec each second. Af 
seconds, the speed is 10 m/sec (or 36 
km/hr). At this speed, the distance trav- 
cc 74 TA —À 


SIGHT NAVIGATION—This type of navigation» 
is the simplest and the most ancient. The ship's 
position is calculated by using a compass and 
an instrument for measuring the vessel's speed 
if the stars cannot be observed. 

If the initial position is known, the speed 
(such as 10 knots) can be multiplied by the 
time traveled (such as 10 hours) to obtain the 
distance. A knot is equal to 1,852 meters (1 
nautical mile) an hour; the ship would then 
have traveled 18.5 kilometers (about 11.5 stat- 
ute miles) from its initial position. 

This system presumes that the ship a travels 
in a straight line r, although wind, current, or 
other forces can cause it to deviate from a 
straight path. 


a ——— ——SÀ 
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THE PRINCIPLE OF INERTIAL NAVIGATION— 
The system shown in this illustration was de- 
scribed in the accompanying article. The plat- 
form a is stabilized by three gyroscopes, not 
shown in the illustration. 

The two accelerometers b and c measure 
acceleration on the north-south and east-west 
axes respectively. Instruments d and e record 


starting 
point 


instantaneous 
position 


these accelerations and read them into the 
computer g. The electrical chronometer f 


records the time of each acceleration. The 
computer reads out the coordinates of the 
starting point (top), destination (bottom) and 
instantaneous position (center) on the numer- 
ator panel. 


destination 
point 


eled in the succeeding half hour is 18 km, 
The pendulum has been used as a rudi- 
mentary system of inertial navigation, 

Errors may occur in such a simple sys- 
tem. Oscillations from imperfections in 
the track (or, in the case of a ship, from 
the movement of waves) may diminish 
the accuracy of the measurements, There 
may be inexactitudes in calculating how. 
much time has passed, or from approxi- 
mation errors in manipulating the figures, 
All these, however, can be corrected, 


INERTIAL NAVIGATION 
IN TWO DIMENSIONS 


For a submarine or aircraft there is no 
need to use an inertial system to calculate 
height or depth. Commonplace instru- 
ments allow such measurements of ver- 
tical position. The horizontal position of 
such vehicles offers a more interesting 
problem. The ideal instrument for deter- 
mining horizontal position is one whose 
principle is explained in Illustration 2. 
With such an instrument a navigator can 
record the coordinates of his starting 
point and those of his destination, and is 
able to read off the coordinates of each 
point in between. 

The instrument consists of a platform 
that is kept in a horizontal position and 
oriented in a constant direction by a trio 
of gyroscopes. ( These gyroscopes are not 
shown in Illustration 2.) The platform's 
orientation is indicated by the compass 
card on its top surface. Two accelerom- 
eters are mounted on the platform. They 
are represented in the illustration as two 
pendulums, such as the one described as 
measuring the train's acceleration in the 
preceding example. One of these pendu- 
lums is arranged to measure acceleration 
in the north-south direction; the other 
measures it in the east-west direction. A 
computer is used to calculate speeds and 
distances covered, using the acceleration. 
values obtained. Special instruments 
transform the angle of rotation of the 
pendulums into electrical impulses, 
which are interpreted by the computer 
into acceleration values. The computer 
must know at what instants the accelera- 
tions occur; these figures are supplied by 


GYROSCOPE ACCELEROMETER—A gyro- 
scope may be used to measure accelerations. 
If à gyroscope is mounted with its axis hori- 


the electrical chronometer shown in the 
illustration. 

The computer makes its calculations in 
the same manner described in measuring 
the acceleration and speed of a train. It 
sums the accelerations until a final veloc- 
ity is reached. This velocity is then multi- 
plied by the time it continues, giving the 
distance traveled. 

Many thousands of such calculations 


zontal and is balanced with a counterweight, 
the accelerations it undergoes vertically will 
produce a precession movement. The speed of 


can be performed each second, taking 
into account the changes in accelerations 
as they occur within short periods of 
time. Finally, the computer activates two 
series of numerators, shown in the illus- 
tration, the left one for longitude, the 
right one for latitude. 

The navigator begins by setting the co- 
ordinates of his starting position and des- 
tination on the top and bottom numer- 


precession allows the calculation of the mag- 
nitude of the acceleration. 


ators of the instrument, shown at the 
bottom of the illustration. The center 
panel is the instantaneous position nu- 
merator, which shows the navigator the 
numbers corresponding to the coordinates 
of the starting point plus those corre- 
sponding to the distance covered—at his 
command. He will thus be able to read 
the ship’s or plane's position at any in- 
stant. 
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INERTIAL 


NAVIGATION—I | 


Instruments used to determine a vehicle's 
position and velocity without external 
reference—without reaching to the out- 
side world through instruments such as 
tachymeters—comprise inertial navigation 
systems. Gyroscopes provide the essential 
stabilization of the platform from which 
the measurements of acceleration are 
made-the "inertial platform." 


THE GYROSCOPE 


The top is a familiar toy. It can be spun 
for a long time if given a high speed of 
rotation and supported by a point that 
causes little friction. If it is not rotating, 
it will not stand on its point at all. If it is 
given rotation with its axis vertical, it re- 
mains in a vertical position, even if it is 
lifted off the table, or if the table is tipped 
or moved. (See Illustration la.) If it is 
spun at a slight angle to the horizontal 


a safe journey 
without a pilot 


(Illustration 1b), the top's axis describes 
a cone in space. In this case the top is 
said to precess and the rate at which the 
axis rotates is the speed of precession. 

A top is slowed down by the friction 
of its pivot, and by air friction on its sur- 
face; the conditions for its stability are 
thereby degraded and it falls to the 
ground. 

Illustration 2 shows a gyroscope, con- 
sisting of a heavy wheel-shaped body 
pivoting on an axis whose pointed ex- 
tremities are fixed into two hard stones. 
In the gyroscope pictured, these stones 
are rubies, such as are used in watches; 
they can also be high-precision ball bear- 
ings. Once set into motion, such a gyro- 
scope will spin for several minutes be- 
cause there is little friction at its pivots. 
If a force is applied perpendicular to its 
axis of rotation, attempting to incline it 
while spinning, the gyroscope will simply 


Lo mo e E m 


THE TOP—A spinning top a stands vertically 
on its point. A top spinning at an angle b is 
submitting to forces a and a', which tend to 


tip it over; it rotates around axis b, describing 
circle c. This movement is called precession. 
The top soon stops because of friction. 
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increase its speed of pre n and its 
axis inclination will remain’, red. The 
gyroscope's spin axis, the e, shows 
strong resistance to change entation, 
If a force acts to chang: direction 
of rotation, the axis chan; ientation 
slowly, with a movement endicular 
to the one from which t e came. 
This can be tested by pting to 
change the spin axis ori on of an 
operating gyroscope by p vg it with 
the hand—a strong resistan ill be en- 
countered, as if a mass m rger than 
the gyroscope itself were he moved. 
THE “PERSISTENCE” : 

THE GYROSCOPE'S A^ 

An analysis of the gyros behavior 
begins with imagining ií > suspen- 
sion (Illustration 3a) iustration 
shows the wheel-shap: whose 
weight lies mostly on t iference. 
This mass is rotating « tockwise. 
Ifa force is applied to m sis move 
in the direction indicated ws a and 


2 


AN EXPERIMENTAL GYROSCOPE—The gyro- 
scope shown in the illustration consists of a 
rotating mass whose axis pivots on two hart 
stones (rubies). Although this gyroscope rep- 
resents fine workmanship, it is crude in com- 
parison with the extremely precise gyroscopes 
built as navigational instruments. 


an 
fr 


Hi 
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it 
of 
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‘lustration, the axis moves as 
;y the arrows b and b'. If a 

n of the same gyroscope were 

it would appear as shown in 
3b. Only those two parts that 
ion lie in the plane formed 

əf rotation and the two arrows 

:e depicted. The two masses 
following the gyroscope's rota- 
ig as indicated by the arrows 
These arrows are drawn long 
ication that the two masses are 
pidly.) If an experimenter tries 
them also rotate in the plane of 
»y applying a and a' to it, these 
^s make the two masses rotate in 
‘tion indicated by the arrows s 


termine the resultant motion of 

es, the vectors r and s (or r’ and 
it be summed vectorially. By de- 
ihis resultant motion as t (or t^), 
»» obtained by use of the parallel- 

ule; i.e., the resultant (sum) of 
'tors is the vector diagonal of the 
Jogram formed using the two vec- 
its sides. The resultant motion of 
is shown in Illustration 3b, 
e circle they described is changed 
c and c'. 


A GYROSCOPE WORKS—This illustra- 
5 explained in detail in the basic article; 
ws what happens to a gyroscope in terms 
ctors when it is subjected to an external 
while spinning. 


Since all of the masses are constrained 
rigidly together in the gyroscope, the 
gyroscope's axis must displace (as shown 
in Illustration 3c), where the vectors b 
and b' indicate the end displacements of 
this axis. 

If the gyroscope is spinning rapidly, r 
and r' (Illustration 3b) are large, while 
s and s' are small. Thus, t and t' are very 
close to r and r' and only a small change 
in the orientation of the gyroscope's axis 
is incurred. The magnitude of this change 
is related to the spin rate and inertia 
properties of the gyroscope as well as to 
the extent of the two forces a and a'. 

In general, the faster the original rota- 
tion of the gyroscope, the smaller the de- 
viation incurred from the specific thrust. 


STABILIZED PLATFORM 


Illustration 4 shows how a stabilized plat- 
form is located inside a missile. It con- 


sists of a central body (represented in the 
illustration as a cube), on three sides of 
which are fixed gyroscopes. The platform 
itself is mounted on near-frictionless bear- 
ings and is able to rotate in any direction 
with respect to the missile. Before launch- 
ing, the cube is oriented in the desired 
direction (for example, one face horizon- 
tal; the other two faces pointing north- 
south and east-west). 

When the missile starts its flight, the 
platform is deviated from its original po- 
sition. The gyroscopes preserve their 
original orientation and thereby form an 
angle with the face on which they are 
mounted. Each gyroscope is connected 
to a device that produces an electrical 
signal whose strength is proportional 
to the angle through which the plat- 
form has rotated. A computer uses this 
signal to determine how much the plat- 
form must be moved to restore it to 
its original position. A motor—mounted 
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on the frame and connected to the plat- 
form by a universal joint—is activated to 
bring about this movement. The platform 
is thus stabilized during the flight of the 
missile, taking into consideration all con- 
ditions of movement and acceleration. 


GYROSCOPES FOR INERTIAL 
NAVIGATION SYSTEMS 


The rotating mass of a gyroscope is moved 
by an electric motor or, in some cases, by 
a jet of air directed at its circumference. 
The rotor is finely machined to tolerances 
of micron order and also precision bal- 
anced, Such precision is needed, for if 
the mass were to spin unbalanced the 
axis of rotation would not stay in place. 

The bearings on which the axis pivots 
are equally precise. To reduce friction— 
and also prevent wear that would make 
the gyroscope unsteady—modern gyro- 
scopes use high pressure gas or fluid 
floated ball bearings. 

The manufacture and calibration of gy- 
roscopes used in inertial navigation sys- 
tems are extremely critical operations, and 


are carried out under rigidly controlled 
conditions of air temperature and humid- 
ity. Because the environment for assembly 
and adjustment must be free of dust par- 
ticles exceeding 3 m in diameter, the 
rooms in which assembly and adjustment 
are performed are pressurized to exclude 
outside air. Even so, the most accurate 
gyroscopes precess about one degree per 
week, an error that could result in a high 
degree of navigational inaccuracy for sus- 
tained space travel. 


ACCELEROMETERS 


Acceleration, as used in mechanics, is the 
rate of change, with time, in the velocity 
of a moving object. A velocity may change 
in either speed, direction, or both. In 
spacecraft, maximum acceleration is gov- 
erned by the accelerative stress permis- 
sible upon the vehicle structure. 

In inertial navigation systems, it is nec- 
essary to use accelerometers for measur- 
ing the magnitude of accelerations and 
transform them into electrical signals. An 
accelerometer (Illustration 5) consists of 


a heavy body hanging fı gid bar 


that pivots on an axis. T} is sup- 
ported by two prec zs. The 
heavy body—acting as a | um—can 
oscillate only in the dire > which 
its axis bar is free to rotat ‘ee such 
systems, therefore, are require? on a sta- 
bilizing platform in order to measure acy 
celation along the vertical and two hori- 


zontal axes. The devices that convert the 
accelerations into electric sigr 
ally mounted along the suspension axis 
of the accelerometer. 

To measure vertical acceleration, the 
pendulum must be arranged with its os- 
cillating arm in a horizontal position, 
allowing it to drop vertically. In order. 
to register vertical acceleration, the pen- 
dulum must be held in position by a 
spring; otherwise, the pendulum would 
remain in the dropped position. This sys- 
tem of employing a spring to steady the 
oscillating mass is not confined to vertical 


acceleration; many types of accelerom- | 


eters are spring-held, while some use 
gyroscopes to measure acceleration by 
noting the variations in inclinations. 


THE i*ED PLATFORM—Gyroscopes a vers carried out by the missile in which it is ular to each other. A computer is used to re- 
b, ar the platform in the same orienta- contained. Devices d, e, and f measure ac- cord changes continuously in the platform's 
tion itself, regardless of the maneu- — celerations along three directions perpendic- positions. 


gree of acceleration is measured by means of 
ation the instrument is subjected to. This de- a voltage at points b and b’, 


ACCELEROMETER—A pendulum is a simple around the axis a—a' depends on the acceler- 


accelerometer. The pendulum's inclination 
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JET AIRCRAFT 


MANUFACTURE 


Mass production of jet aircraft creates 
complex technical and economic prob- 
lems not encountered in the production 
of a prototype. These problems must be 
faced and solved during the planning 
phase to ensure efficient production. 


la 


lc 

MECHANICAL WORKING—Mass production of 
the parts of an aircraft is quite different from 
the process used to manufacture the proto- 
type. For the prototype, work is done by crafts- 
men, and it is carried out on conventional 
machines operated by skilled personnel. Mass 
production, however, utilizes highly automated 
machines, which are controlled numerically. 
A numerically controlled milling machine is 


MASS PRODUCTION 


Theoretically, the problem of mass pro- 
duction arises on the day after the last 
test flight and the acceptance of the pro- 
totype by the client. In practice, how- 


lb 
shown in operation in Illustration 1a. The 
worker only has to put the piece on the ma- 
chine, start it, and watch the operation. The 
operator does not even replace the tools in 
the machine when necessary because the ma- 
chine does this for itself. But the operator 
must have a complete knowledge of the ma- 
chine, of the cycle that has to be followed, and 
of the problems that may occur. 


the organization 
of mass production 


ever, the search for soh 0 the tech- 
nical and economic p is of mass 
production begins wit! irst phases 
of the prototype constr Currently, 
two general approach: employed. 
In the first approach, t is for con- 


Another numerically controlled machine is 
shown in Illustration 1b. This one is used to 
make wing panels, the major structural ele- 
ments in the wing. The 600-kg (1,320-Ib) slab 
of aluminum alloy used to make the panel is 


shown on the machine before fabrication. 
When it is completed, the panel weighs slightly 
more than 50 kg (110 Ibs). The machine shown 
in Illustration 1c is used to curve the panel. 


ASSEN The various structural and cowl- 


ing part the aircraft converge on the as- 
sembly iine after they have been manufactured. 
They are produced in the order in which they 
will be required for assembly. 


Assembly follows an order prescribed in a 
diagram called the flow chart. The assembly 
line can be compared with a large river that is 
joined by various tributaries, each of which is 
fed in its turn by its own tributaries. Compo- 
nents are brought together into subassemblies, 
assemblies, subsystems, and systems, which 
gradually converge to form the aircraft. Illus- 
tration 2a shows how the flow diagram for air- 
craft assembly is conceived. 

The construction of a wing is shown in Illus- 
tration 2b. The workers are assembling the 
ribs of the wing, to which they will then attach 
the panel visible in the foreground. Illustration 
?c is a panoramic view of the assembly line 
for the central part of the aircraft's fuselage. 


struction of the prototype include the 
use of the same system for mass produc- 
tion. In other words, the same proce- 
dures and equipment are used in build- 
ing the prototype as will be used later 
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WIRING—The wiring of an aircraft is vital to 
its operation; it could be termed the aircraft's 
"nervous system." Miles of wire, formed into 
cables of varying size, go into an aircraft's 
circuitry. The shape and arrangement of the 
cables within the craft were established when 
the prototype was built. Each cable is pre- 
pared on a special bench with a full-scale 
photograph of the original cable layout (Illus- 
tration 3a). This technique permits an exact 
reconstruction of the original layout. After the 
wiring has been assembled into cables, tests 
are made to ensure their perfect functioning. 
The cables are then installed, linked to the 
various instruments, and retested under simu- 
lated flight conditions (Illustration 3b). 


in mass production. In the second ap- 
proach, the prototype is built with equip- 
ment that is commonly available, and the 
construction is chiefly a matter of craft- 
work. In this latter approach, develop- 
ment of mass-production equipment is 
deferred until a later time. 

At this point, the meaning of mass 
production in the field of aeronautics 
should be clearly defined. An analogy 
to the building of an automobile is ap- 
parent. Usually, the mention of automo- 
bile manufacturing conjures up a vision 
of long production lines with automatic 
transfer machines, seemingly endless as- 
sembly lines, and a daily output of hun- 
dreds of automobiles. In the aeronautical 
field, on the other hand, mass produc- 
tion may involve an output on the order 
of ten aircraft per. month, according to 
the demands of the market. Only in the 
event of war does output reach, perhaps, 
a hundred aircraft a month. 

Organization for mass production re- 
quires complete cooperation among the 
various major departments of the manu- 
facturer: management, engineering, pur- 
chasing, manufacturing, and so forth. A 
production control office breaks down the 
prototype design into subassemblies and, 
with the aid of manufacturing engineer- 
ing, devises mass-production techniques 


4a 
THE FINAL ASSEMBLY LINE— These illustra- 
tions show two stages in the final assembly of 


for fabricating the comp:^.-»ts compris- 
ing the subassemblies. T} "mplete air- 
craft is broken down on : into parts 
that are manufactured : ssembled in 
separate areas on sepa: affolds. At 
the scheduled assembly : the compo- 
nents and/or subassemb! e combined 
according to a chart : the “flow 


chart” (Illustration 2a). 


At the same time, stuci re made of 


the equipment to be co: ed for fab- 
rication and assembly oí 'ireraft, and 
studies of the productio ie are con- 
ducted. In organizing t! mbly lines 
and plant, special atten : given to 
new working processes imber and 
types of machines req are deter- 
mined and their locati: selected, 
The various workshops epared so 
that they will contribute construc- 


tion of the aircraft in t} st efficient 


manner possible. 


At this point, cost—w! s second- 
ary to time during the < ion of the 
prototype—becomes moi: ortant, A 
careful study is made of | on costs, 
examining those solutio: offer the 
maximum in technical p n as well 
as responsiveness to th omic re- 


quirements of the contra 
Another step in the 
mass production involves : 


sation of 


the aircraft. The assembly roc 
lustration 4a is where the engir 
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tion among various firms 
\ation originally arose for 
sroductive reasons in the 
f military aircraft, but a 
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become an economic ne- 
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this way, the risks and bur- 
ping a project are shared 
s nations, or various firms 
nations. Consequently, plan- 
extremely precise, so that 
hy different firms, or even dif- 
s, will match precisely and 
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TION AND ASSEMBLY 


eparation of the equipment 

full-scale mass production 
\itial number of parts, called 
s assembled. This assembly 
preseries. In the first phase 
ue, the preseries operation 
;rdinate various participants, 


factory. Here, they are prepared 
n in the aircraft. Illustration 4b 


departments, shops, and machines. Quite 
frequently the preseries amounts to the 
construction of a third or fourth model 
of the prototype. 

The manufacture of individual parts 
is performed on machines that may be 
quite different from those used in build- 
ing the prototype. The parts that have 
to be finished by machine-operated tools 
often are handled by automatically con- 
trolled machines operating with a high 
degree of precision. Some structural 
parts are completely machined to final 
form, starting with a block of raw ma- 
terial. When fabrication is finished, the 
piece may have only a fraction of its origi- 
nal weight. An example of this processing 
is the wing panel shown in Illustration 
lb; It was milled from a block of light 
alloy that weighed 600 kg (1,320 lbs) 
initially, but only 50 kg (110 Ibs) when 
finished. For forming sheet metal, the 
furnace has been replaced by large hy- 
draulic forming machines or special rub- 
ber-cushioned presses. Each piece that is 
fabricated—whether it is for structural 
members or for covering—is tested before 
assembly. 

The next phase in mass production is 
assembly. Parts are assembled succes- 
sively, starting from the smaller subas- 
semblies and moving up through more 


PRESSING SHEET-METAL PARTS — In mass- 
production techniques, a master is used to 
make the dies for the presses that replace the 
slow and patient work of specialized artisans 
who fabricated the prototype. Illustration 5a 
shows an operation in which a large sheet- 
metal part, forming a section of the fuselage, 
is shaped. The sheet is fixed to the two arms 
of the machine and pressed against the die. 
A special press for small parts is shown in 
Illustration 5b; here, the metal is placed on 
the lower die. The upper die consists of a re- 
sistant, elastic rubber cushion. When the die 
is pressed against it, it bends the sheeting pre- 
cisely into the shape of the die. Pressing and 
molding operations are preceded and fol- 
lowed by special heat treatment. 


shows aircraft in an advanced stage of as- 
sembly. 
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SOME SPECIAL OPERATIONS—These photo- 
graphs show some special operations charac- 
teristic of the jet aircraft industry. The weld- 
ing of a special titanium plate that protects 
the opening of a jet engine is shown in Illus- 
tration 6a. Titanium is a light metal that has a 
resistance equal to, if not greater than, that 
of the best steels. 

Illustration 6b shows a wing structure made 
from sheet metal in a honeycomb design; a 
special pressing procedure is used to make 


complex assemblies according to the flow 
chart in Illustration 2a. In this process, 
parts, subsystems, and systems are brought 
together in the prescheduled flow that 
constitutes mass production. At various 
points along the assembly line, checks 
and tests of the various instruments and 
parts of the aircraft are carried out by 
simulating actual flight conditions on the 
test bench. In this way, the hydraulic sys- 


this structure, which combines great strength 
with great lightness. 

Illustration 6c shows one phase in the pro- 
duction of the rigid canopy, which is made 
from acrylic resin, a highly resistant trans- 
parent material. Another part being made from 
plastic is shown in Illustration 6d. This is the 
radome—the protective cover for the radar. 
It is made out of plastic so that it will not 
mask the reception and transmission of radar 
waves. 


tem, the electrical system, the cabin pres- 
surization, the heating system, the radio 
and radar, and other systems are tested 
prior to in-flight use. 

Wiring is an extremely important part 
of assembly. The term wiring covers all 
the cables contained in the entire elec- 
trical, radio, and radar systems of the air- 
craft. Their arrangement is decided dur- 
ing the planning phase of the prototype 


on the mock-up. They are brought to- 
gether into groups and bundles with ap- 
propriate fastenings and are tested in de- 
tail several times before being approved 
for assembly (Illustration 3). 

After final assembly (Illustration 4), 
the aircraft is given a series of functional 
tests, first on the ground and then in the 
air, in exactly the same manner as the 
prototype. After the aircraft has been 
consigned to the client, it is kept under 
constant surveillance by the manufac- 
turer. The firm that built the aircraft usu- 
ally continues to carry out all the more 
important repairs and revisions resulting 
from service experience with delivered 
aircraft. 


COSTS AND PROBLEMS 


The cost of aircraft as the 1970s began 
is reflected in the following figures. At 
the beginning of the decade, U.S. indus- 
try had on order 1,234 civil aircraft 
valued at $8.6 billion. Of these, 608 were 
commercial transport aircraft worth $8.1 
billion. International collaboration con- 
tinued to grow, spreading through the 
entire aircraft systems field. 

Modern airplanes are so complex that 
a great number of variables enter into 
their design, and many hundreds of thou- 
sands of engineering man-hours go into 
their specification, design, construction, 
testing, and evaluation. Despite almost 
endless computations, the testing of com- 
ponents, and the experience and expecta- 
tions of the designers, the performance 
of the airplane in flight cannot always be 
predicted with accuracy. A long series of 
well-engineered and well-instrumented 
test flights is usually required to guarantee 
that the original specifications for per- 
formance and safety have been met. This 
phase may last a year or more in the case 
of large aircraft, 

Public opinion was hardening in the 
1970s against excessive noise in aircraft 
and against the sonic boom in particular. 
A movement was also growing that com- 
plained of the atmospheric pollution by 
jet aircraft that deliberately or inadvert- 
ently dumped fuel overboard in flight. 
The money being spent on research into 
these problems began to be a consider- 
able proportion of the development fund- 
ing of most manufacturers. 


THE LASER 


PHI NOMENON | 


This artic! ‘vines some fundamental 
aspects of henomenon of light am- 
plification mulated emission of ra- 
diation—w’' : commonly known by the 
acronym |: Radiation emitted by an 
ordinary li; »urce (such as an electric 
light bulb ‘uses or spreads out as it 
emanates ‘. that source; light emitted 
by a laser the other hand, does not 
diffuse. ver organizes the energy 
waves en: | by stimulated atoms so 
that they | in the same direction, at 
la 
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STABLE AND METASTABLE STATES — An 
atom is said to be “excited” when a valence 
electron in the outer orbit receives a charge 
of energy sufficient to move it to an orbit 
farther from the nucleus. The charge may re- 
sult from a collision of electrons, a collision 
of atoms, or from absorption of electromag- 
netic radiation. Illustration 1 shows, by means 
of schematic drawings, two sequences involv- 
ing atomic excitation. In each sequence the 
atom is shown first in its normal or ground 
state. The valence electron (the red dot in the 
red circle) is in a particular orbit around the 
nucleus. In the second schematic the electron, 
having absorbed energy, moves into a more 
extended orbit. The third diagram represents 
the discharge of the absorbed energy with 
consequent return of the electron to its normal 


the same frequency, and in perfect phase 
with the stimulating radiation. In other 
words, a laser produces coherent radia- 
tion—a very narrow band of frequencies 
not unlike those of a radio oscillator, but 
in the infrared and visible-light portions 
of the spectrum. 

The laser has important applications 
in communications and other areas re- 
quiring an intense source of radiation 
that can be focused to a fine point. The- 
oretically, the visible-light band of fre- 


o-o 


(stable) position. The discharge of energy (ra- 
diation) is indicated, in each case, by a wavy 
line. 

The difference between the two sequences 
is occasioned by quantitative differences in the 
amount of energy absorbed by the electron. 
In Illustration 1a the electron receives more 
energy than it can store, and the entire process 
is complete within some ten billionths of a 
second (10-'° sec). That is to say, the stable 
atom is excited, the electron is moved, the 
energy is discharged, and the electron returns 
to a stable state within an incredibly short 
period of time. 

In Illustration 1b the charge is great enough 
to move the electron into a wider orbit, but 
small enough that the electron can retain it for 
periods measured in hours, or until an addi- 


light amplification by stimulated 
emission of radiation 


quencies could accomodate 80 million 
television channels (of the present band- 
width) or 800 million simultaneous tele- 
phone conversations. The laser also has 
applications in devices used for surgery, 
welding, range finding, radar tracking 
and holography (a three-dimensional 
photographie technique). 

The laser, proposed in 1958 by the 
American physicists A. L. Schawlow and 
C. H. Townes, is the first coherent light 
source. It consists of an active material 


tional charge triggers its release. During the 
time the electron retains the additional charge 
and remains in an extended orbit, the atom 
is said to be “metastable.” 

The practical difference between the two 
sequences lies in the relative monochromatic- 
ity of the radiation discharged by the electron 
before returning to its stable state. This differ- 
ence is illustrated by the line drawings at the 
right of each sequence. These drawings use 
identical exaggerated sections of the entire 
spectrum. In Illustration 1a a high degree of 
monochromaticity actually results, and this is 
somewhat distorted by the "Doppler effect." 
In Illustration 1b, however, a much greater de- 
gree of monochromaticity results, so that the 
Gaussian curve illustrating the dispersion is 
much narrower. 
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DE-EXCITATION—These four schematic draw- 
ings represent phases of the basic process 
involved in producing radiation from a meta- 
stable state. 

Illustration 2a represents any solid, liquid, 
or gas containing an element capable of 
being excited atomically to a metastable level. 
The black dots are atoms in a stable state. The 
red dot indicates an atom in an excited state. 

Illustration 2b shows what happens when 
the substance is subjected to radiation. The 
radiation excites a number of atoms, raising 
them from the stable state to the metastable 
states. (In the drawing, the atoms thus excited 
are indicated by additional red dots on the 
upper line.) 


Because the excited atoms are all of the 
same element, they discharge radiation in 
identical wavelengths. One way to trigger rapid 
de-excitation is to subject the substance con- 
taining atoms in the metastable state to a 
wavelength identical to that which the excited 
atoms would themselves emit. 

Illustration 2c shows what happens when 
de-excitation is triggered. The atom at the 
extreme left becomes de-excited, emitting ra- 
diation (represented by a wavy line). This ra- 
diation hits the second excited atom and stim- 
ulates it to de-excite itself. The radiation 
emitted by the second atom, as shown by the 
second wavy line, is perfectly in phase with 
the first. Each of the successive atoms is sim- 


ilarly de-excited, and the emitted radiation is 
always perfectly in phase with that of the pre- 
ceding atoms. Some of the emitted radiation 
strikes and excites atoms in a stable state, 
taising them to a metastable state where they 
will remain after the previously excited atoms 
have returned to their stable states. 
Illustration 2d shows what happens when 
radiation reaches an excited atom. In phases I 
and Il, a wave front approaches a metastable 
atom; in phase III, the wave front reaches the 
atom; in phase IV, struck by the wave front, 
the atom is de-excited and returns to the 
stable state, emitting radiation in the process; 
in phase V, the radiation emitted by the de- 
excited atom augments the passing radiation. 
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between two plates of an interferometer, 
which is excited by an external source to 
invert the population of a pair of energy 
levels of energy difference AE. This “pop- 
ulation inversion" is simply a matter of 
altering the normal distribution of atoms 
on an energy basis. Where normally more 
atoms are found in lower energy levels, 
laser activation by a power source pro- 


duces greater occupancy, or occupation, 
in the higher levels. An electromagnetic 
wave of frequency f = AE/h (h is Planck's 
constant) will then produce stimulated 
emission of radiation at the frequency f. 
The interferometer is tuned to the fre- 
quency f so that it acts as a resonant 
cavity, and this allows energy to build 
up. When the rate at which energy is 


emitted into the cavity exceeds that at 
which it is lost by absorption of trans- 
mission through the interferometer plates, 
the laser will oscillate. 

The first report of a working laser was 
made in 1960. In this device the active 
material is a crystal of synthetic ruby. 
More recent lasers use gases, semicon- 
ductors, and ions in solids. 
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LASER PRINCIPLES—lllustration 4a serves to 
identify the three basic components of laser 
production. A and B are mirrors positioned at 
the ends of a cylinder C, which contains po- 
tentially metastable atoms at ground level. 
Mirror A is perfectly opaque, but mirror B per- 
mits emission of something less than 1 per- 
cent of the light (radiation) reaching it. Light, 
therefore, is directed to the right of the draw- 
ing. 

In Illustration 4b, arrows indicate intense 
radiation beamed at the potentially metastable 
atoms in C. The number of atoms excited to 
the metastable level equals a large fraction of 
Avogadro's constant. This process is called 
pumping. 

The discharge of any atom starts a general 
de-excitation (see Illustration 2). The waves 
thus produced bounce back and forth from 
mirror to mirror, creating a system of station- 
ary waves, indicated by the wavy line in Illus- 
tration 4c. This illustration shows, also, the 
release of energy (light) through mirror B. 

The interference between waves propagated 
to the right and waves propagated to the left 
quickly clears the cylinder of atoms at the 
metastable level. In Illustration 4d the dis- 
charge is nearly complete, most of the atoms 
are in their stable state, and most of the en- 
ergy stored by excited atoms has been emitted 
through mirror B. 

This process is called /ight amplification by 
stimulated (pumping) emission (de-excitation) 
of radiation (energy), or /aser. 
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MASERS 


The term maser is an acronym for “micro- 
wave amplification by stimulated emission 
of radiation.” Today, however, masers 
are more correctly described as molecular 
amplifiers of electromagnetic radiations 
by stimulated emission of radiation, be- 
cause of the particular way they operate 
and because their operational abilities ex- 
tend well beyond microwaves up to the 
frequencies of visible light. 

When the maser was first developed, it 
was thought of primarily as a scientific 
curiosity, But over the past two decades, 
it has revolutionized electronic technol- 
ogy, even in the most advanced areas, in 
the field of amplification of very-high- 
frequency radio signals. 

The maser's great value is in its ability 
to generate and amplify electromagnetic 
waves, or radio signals of very high fre- 
quency—up to and beyond tens of thou- 
sands of MHz (megahertz )—with a par- 
ticularly low noise level, the lowest that 
can be obtained either theoretically or 
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ENERGY LEVELS—The illustration represents 
a system having two possible energy levels. 
The material chosen is one in whose molecules 
an atom may assume two well-defined posi- 
tions with respect to other atoms of the mole- 
cule; a well-defined energy level corresponds 
to each of these two positions. E; is the upper 
level and corresponds to the excited state of 
the system; E, is the lower level and represents 
the state of the remainder of the system. 
When the system is struck by an electro- 
magnetic radiation of appropriate frequency, it 
absorbs energy from the radiation and thus 
transfers from level E, to level E; (Illustration 
1a). Each atom absorbs a quanturn of energy 
E, = E; — E, = hfo, where h is Planck's con- 
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revolutionary amplifiers 


experimentally. Only parametric ampli- 
fiers can rival masers, primarily because 
of their greater simplicity and ease of 
installation. 

One of the earliest applications of the 
maser was in the field of radio astronomy. 
The most advanced radio telescopes have 
been fitted with maser receivers. Radio 
telescopes are listening systems with huge 
antennas that capture electromagnetic 
waves from outer space. Such waves are 
extremely weak and are mixed with con- 
siderable background noise. To obtain a 
sufficiently clear signal for recording and 
analysis, these waves must be amplified 
with minimal increase in noise level. 

The masers characteristics make it 
ideal for this purpose. Because radio tele- 
scopes are expensive fixed installations, 
the complexities of a maser installation 
represent a relatively negligible cost. The 
signals sent to the planet Venus and re- 
flected back to Earth were received by a 
system employing a maser. 


stant, and fo is the frequency of the radiation 
that supplies the quantum Eo. The passage of 
the physical system to a higher energy level is 
thus carried out by means of the absorption 
of the energy of electromagnetic radiation 
whose frequency must be proportional to the 
induced energy jump. 

When the system has attained the E; level 
it may decay spontaneously to the E, level and 
each atom will liberate an energy quantum Eo 
(Illustration 1b). The frequency of the electro- 
magnetic radiation will be proportional to the 
energy of the decay. If the radiation having the 
proper frequency fo arrives while the system 
is at the upper energy level, however, the in- 
cident radiation stimulates the decay of the 
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MASER—The nitrogen atom 
a molecule (NH;) can vibrate 
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two distinct energy levels 
rhe energy quantum associ- 
sition of the nitrogen atom 
> position 2 has a frequency 
Hz. Under normal conditions 
nonia molecules at the upper 

tically equal to the number 
s at the lower level. Illustra- 
1e vibrations of the nitrogen 


b, a beam of ammonia mole- 
pass from a container that 
om temperature at a pres- 

mosphere into another con- 

mp maintains a high vacuum. 


nonexcited 


molecules 


An electrostatic lens creates a very intense 
electric field capable of separating the non- 
excited molecules (at the lower energy level) 
from the excited molecules by deflecting the 
former toward the periphery of the container, 
while the excited molecules are collimated 
along the axis. They then pass into a cavity 
designed to resonate at 23,870 MHz; once in 
this cavity, just one molecule need decay 
spontaneously to cause the stimulated emis- 
sion of electromagnetic radiation from all the 
other molecules. In this way the oscillation of 
the maser is established. 

To maintain the stability of the oscillations, 
it is essential that the gain of the system be 
sufficient to make good the losses that occur 
principally in the resonance cavity. Further- 
more, the system must furnish the energy ex- 
tracted from it when the produced signal is 
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wave 
guide 


container 
(25-30° C) 


led away by means of a cable or a wave guide 
connected to the cavity. A sufficient number 
of molecules must be present to ensure that 
the stimulated decay produces a radiation of 
the required power. An absolute minimum flow 
of tens of trillions of molecules per second out 
of the first container is required. Under these 
conditions the power output will be approxi- 
mately a billionth of a watt. 

The precision of the oscillation frequency 
of the maser is approximately 0.01 Hz, but the 
resonance cavity generates a band of 4 or 5 
MHz, principally because of the losses. A sys- 
tem such as the one described can be used 
as an oscillator; it also represents the first 
maser ever constructed. The ammonia maser 
was used to verify some aspects of the theory 
of relativity—the Doppler effect, for example 
—that had not previously been explored. 
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(—459.69° F)—it would still produce 
some quantity of output noise. Nonther- 
mal noise is principally due to random 
but ever-present irregularities in the 
movements of the electrons whose flow 
ensures the functioning of the device. All 
standard amplifying devices exploit a 
movement of electrical charges produced 
and controlled in a vacuum (as in vacuum 
tubes) or in a solid material (as in tran- 
sistors). These migrations of electrical 
charges require a certain quantity of en- 
ergy supplied by an external source. Am- 
plification is simply a process in which 
the signal modulates the amount of en- 
ergy drawn from the external source. 
Therefore, every fluctuation in the num- 
ber of carriers of electrical charges, re- 
gardless of the cause of the fluctuation, 
translates itself into a fluctuation of the 
absorbed energy. These random varia- 
tions àre equivalent to the presence of a 
random signal—thus, noise results. 
Masers do not exploit any migration of 
electrical charges, but rather an oscilla- 
tion of molecular and submolecular par- 
ticles on the molecular level. The mean 
position of these particles within the 
structure of the material does not vary; 
the particles simply oscillate around this 
position between two well-defined limits. 
A fundamental tenet of modern physics 
is that a physical system (a molecule, an 
atom, a crystal, and so forth) cannot as- 
sume any arbitrarily chosen energy level, 
but only certain well-defined energy 
levels. This can be applied when the 
structure—both the manner in which 
molecules are aggregated and the ar- 
rangement of the atoms within the mole- 
cule—of a given material is known. 
Under normal conditions, the lower en- 
ergy levels are most densely populated; 
the sparse population of the higher energy 
levels tends to decay to the lower levels. 
By pumping the system (that is, trans- 
ferring the population to higher energy 
levels, and at the same time causing the 
system to be struck by an electromagnetic 
radiation of the proper frequency, the 
stimulated emission of a radiation iden- 
tical to the incident radiation is obtained. 
The system thus becomes an amplifier of 
the incident electromagnetic radiation. 
The source of energy that ensures the 
functioning of the amplification is the 
one used to carry out the pumping. 
Once the material is chosen and the 


pumping conditions are defined, the gain 
of the system is automatically determined. 
By using a cavity resonator to bring a 
certain fraction of the output signal back 
to the radiation input, an enormous in- 
crease of the gain is obtained—an in- 
crease so great that the system becomes 
an oscillator. Actually, any disturbance, 
even a small one, will start an amplifica- 
tion chain whose gain will increase until 
it succeeds in compensating the losses 
that occur in the system, principally in 
the resonant cavity; at this point the 
system becomes an oscillator. The signal 
—the electromagnetic wave produced by 
the system—is let out of the cavity 
through holes connected to a wave guide 
or to a coaxial cable. 

The first maser was a gas maser in 
which the pumped material was a beam 
of ammonia molecules. The transitions 
of the atoms from one energy level to an- 
other occurred within this beam. Sub- 
sequent interactions between the atoms 
undergoing these transitions gave rise to 
changes of frequency. In a gas maser, 
however, very few interactions occur be- 
cause the intermolecular distances in an 
uncompressed gaseous material are rel- 
atively great. Gas masers are used, there- 
fore, to generate sample frequencies. 
Among the most frequently used gases 
are ammonia, sodium vapors, rubidium, 
cesium and hydrogen. 

In a solid material, the energy transi- 
tions exploited are those of the electrons 
within their own atoms. 

The solid-state maser offers a system 
in which the population that transits be- 
tween the two energy levels is far more 
numerous than that of a gas maser and 
the power output obtained is correspond- 
ingly greater. Moreover, interactions be- 
tween the various atoms are more nu- 
merous than those that occur between 
the molecules of a gas maser; the system 
will operate on a range of frequencies 
rather than on a single frequency. There- 
fore the solid-state maser can be used as 
a wide-band amplifier. 

The emitting material in two-level ma- 
sers consists of quartz that has been ir- 
radiated by neutrons or by silicori with 
impurities of phosphorus. These masers 
operate in a discontinuous manner. The 
material is first bombarded very briefly 
with powerful electromagnetic waves to 
excite the atoms. As soon as the pumping 


of energy is suspended, the atoms tend to 


subside rapidly toward the equilibrium 
state. The useful time (^g which the 
system is capable of amo ‘ying an inci- 
dent electromagnetic v is, therefore, 
extremely brief, vary! com a few 
thousandths of a secov the case of 
quartz to almost a min: : the case of 
silicon. 

To overcome this lim 1, the three- 
level maser was introd: n 1956. The 
most frequently used rial having 
three definite energy |: s aluminum 
oxide with chrome imp: —or, as this 
material is more com: known, the 


ruby. The ruby crystal 
a very low temperature 
(about —450° F), by 1 


ut —268° GF 
of a liquid 


helium bath, and it must mmersed in. 
the magnetic field of a 7 rful electro- 
magnet to control the y jump be- 
tween adjacent levels an: ice the fre- 
quency of the radiation the material 
is struck by a beam of ; rful electro- 
magnetic waves at the opriate fre- 
quency, its population insferred to 
the highest level. An : val electro- 
magnetic radiation the) vulates the 
material to decay from : ipper level 
toward an intermediat« still closer 
to the upper level than to »wer level, 
and this electromagnetic tion is am- 
plified. The population spontane- 
ously decays from the sc evel to the 
lowest level. When it arri there, it is 
pumped back to the uppermost level. 
Any device capable ot fying an 
electrical signal produces output noise 
of two types: thermal noise and intrinsic 
noise. The maser is no exception, even 


though its noise level is extremely low: 
The cause of its nonthermal noise is the 
spontaneous emission of radiations from 
the pumped material. This emission OC-- 
curs in individual molecules or individual 
atoms, in a manner both independent and 
random; thus the emitted radiations are 
not coherent with each other and their 
contribution to the production of noise is 
quantitatively quite small. A maser that 
has been brought to a very low tempera- 
ture to minimize thermal noise generates 
only a minute amount of intrinsic noise, 

The three-level ruby maser shown in 
Illustration 3 is commonly used to am- 
plify the very weak signals occasionally 
received by radar receivers and radio- 
telescopes. 
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3. A signal circulator—a device to prevent 
the input signal from becoming mixed with the 
output signal. The connections are dephased 
by 45°; the signal coming from 1 can only 
be transmitted to 2 and hence to the resonance 
cavity; it becomes amplified in the cavity and 
returns to 2. From 2 the output signal can only 
go to 3 and it is then led away for further am- 
plification. If a fraction of the output signal 
does not find its way into 3, it goes to 4 where 
it is absorbed by a suitable dissipator. Energy 
pumping transfers the ruby atoms to the 
highest energy level from which they can be 
stimulated to decay. This is accomplished by 


signal 


circulator 


dissipater 


bombarding the ruby with a beam of powerful 
electromagnetic waves having a frequency cor- 
responding to the energy jump to be Induced 
in the ruby. 

The electromagnetic waves sent to the cav- 
ity by the antenna find the ruby in an excited 
state and stimulate its decay toward a lower 
energy level. Controlled Intensity of the mag- 
netic field makes it possible to position the 
energy levels of the ruby so that the stimulated 
decay occurs with the emission of radiation 
of the same frequency as the one that con- 
stitutes the signal. The signal is, therefore, am- 
plified when it leaves the resonance cavity. 
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THE MASS SPECTROGRAPH | '" 3 


field is then applied 
atoms to cause a gi: 
the light atoms and a 
heavy atoms. The ma 


It is fairly easy to make a chemical anal- 
ysis of a sample of matter and discover 
what elements it contains. For example, 
if a piece of common iron is examined, 
it will be found to contain manganese, 
carbon, vanadium, silicon, and lesser 
traces of other elements. However, the 
atoms in the iron also can be analyzed, 
not only from the viewpoint of their 
chemical nature, but also for their mass— 
the quantity of matter contained in them. 
In fact, it is known that each chemical 
species (for example, uranium) is made 
up of atoms with the same chemical prop- 
erties, but different masses. Uranium is 


HOW THE MASS SPECTROGRAPH WORKS 
—A beam of charged particles is accelerated 
from slit a to slit b. Starting from a, the parti- 
cles have the same energy. Between b and G 
the particles are subjected to velocity selec- 
tion by controlling an electrical and a mag- 
netic field in the appropriate way. Thus, only 


composed primarily of uranium-235 and 
uranium-238 atoms; that is, atoms with a 
mass 235 and 238 times that of the hydro- 
gen atom’s mass, respectively. 

Atoms with the same chemical proper- 
ties but different masses are called iso- 
topes, and chemical processes cannot be 
used to separate them, The most efficient 
way of establishing the presence of vari- 
ous isotopes is by use of the mass spectro- 
graph. This method of analysis consists 
of reducing the substance to the state of 
free atoms by heating it to a certain tem- 
perature, and then forcing the atoms to 
cover rectilinear trajectories. A magnetic 


particles with a given velocity pass through c. 
Besides c, a magnetic field gives a curvature 
to the trajectory of the particles. If these 
particles have the same mass, they group into 
a small rectangle. If their masses are not 
equal, the particles group at different points 
on the photographic plate. 


sample of the element 
THE MASS SPECTR‘ 
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ing negative (with t cquisition of 
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separating the ions acce 


THE ION SOURCE 


To analyze the atomic mass of a sub- 
stance, the substance must first be re- 
duced to the state of free atoms. If the 
substance being analyzed is a gas, it may 
already consist of atoms that are well 
separated from each other. However, if 
a solid substance is being analyzed, it 
must first be vaporized. This process is 
not difficult if the substance has a low 
melting point, but it may be a complex 
process if the melting point is high. This 
means that the ion source must have vari- 
ous interchangeable devices to vaporize 
the samples. 


for gaseous substances. It consists of @ 
cylinder of gas that connects with the 
vacuum inside the spectrograph through 
a fine hole. Solid substances, on the other 
hand, have to be put in a bottle-shaped 
crucible and heated with electrical resis- 
tance heaters. Different crucibles are used 
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The simplest type of source is that used 


BUILDING A SPEC’ M MEANS SORTING— 
The glass container holds spheres of various 
sizes. If these are passed through three suc- 
cessive filters having holes of different sizes, 
only the largest stop at the first, the middle- 
sized ones at the second, and the smallest 
at the third. 

After this separation process, the spheres 
of each type are counted and a graph is 
drawn. Three vertical columns of length pro- 
portional to the number of spheres are drawn 
corresponding to the three sizes. This is the 
spectrum of the sizes of the spheres. The 
mass spectrograph chooses the atoms accord- 
ing to mass rather than volume. In the mass 
spectrograph, the graph is drawn automati- 
cally with bold or light lines, according to the 
number of atoms present in the mixture or 
compound under examination. 
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SPECTRUM OF GERMANIUM—The illustration 
shows the isotopes of germanium (Ge) when 
they have been separated by a mass spectro- 
graph. Moving from left to right, the first of 
the numbers representing the masses of the 
isotopes is farther from the second than the 
second is from the third. This is because the 
difference of mass is greater in the first case 
than in the second. The intensity of the five 
bars is proportional to the abundance of the 
isotope in the sample of germanium. 


according to the melting point of the 
substances that are being evaporated. 
The atoms leave the hole of the gas cylin- 
der (or the crucible) in a straight line be- 
cause there are no other atoms to block 
their path. In fact, the entire spectro- 
graph is evacuated by means of a power- 
ful vacuum pump that brings the pres- 
sure inside the instrument down as far as 
0.00001 mm (1 X 10-5 torr) of mercury. 
At this point, the atoms move in every 
direction from the opening of the source. 
In order to separate the atoms accord- 
ing to their mass, they must be ionized. 
For this, a focused beam of accelerated 
electrons (with a potential of approxi- 
mately 200 volts) is directed at the stream 
of atoms emerging from the source. The 
collision between these electrons and the 
atoms causes one or two electrons to 
emerge from the atomic structure; that 
is, the process produces ions. If the col- 
lision breaks off only one electron, the 
result is simple ions. The double ions, 
from which two electrons have been 
broken off, are lost. In any case, the colli- 
sion usually produces ions that have lost 
only a single electron, that is, simple 
ones. The ionized atoms are then sub- 
jected to the forces of an electrical field 
and are given a high acceleration. This 
process takes place between two elec- 
trodes situated after the point at which 
the ionization took place. A difference in 
potential of some thousands of volts is 
maintained between the two electrodes. 
Only those ions moving in a straight line 
between the two slits at the center of the 
electrodes are allowed to pass. 


THE VELOCITY SELECTOR 


The ions that pass through the second 
slit are moving in an almost perfectly 
straight line, but not all have the same 
speed. The speed of these ions must, how- 
ever, be maintained at a uniform velocity 
if the subsequent separation system is to 
work efficiently. The ions are therefore 
passed through a device called a velocity 
selector. This device separates and re- 
moves the ions that are moving too slowly 
(or too rapidly) with respect to the aver- 
age. The velocity selector consists of two 
parallel-plane electrodes with a potential 
difference between them. When the ions 
pass between these electrodes—which are 
positively charged because they consist 
of atoms that have lost an electron—they 
are attracted by the negative pole. The 
ions would, therefore, be deflected from 
the straight line along which they were 
channeled by the slits in the first two 
electrodes that accelerated them. To 
avoid this situation, a magnetic field 
(whose lines of force are arranged paral- 
lel to the faces of the deflector electrodes 
and perpendicular to the path of the 
ions) is also established in the space in 
which the electrical field has been set up. 
The direction of the magnetic field is 
such that it pushes the trajectory of the 
ions in the opposite direction to that in 
which they are attracted by the electrical 
field. By appropriately controlling the 
intensity of this magnetic field, the effect 
of the electrical field is canceled out; that 
is, the ions are made to pass through a 
third slit lined up with the first two. 
However, this is possible only if the ions 
have a certain speed, and only ions with 
this speed can pass through the third 
slit. By varying the magnetic and electri- 
cal fields, only ions with a given speed, 
preferably the speed of the majority, will 
pass. 


THE MASS SEPARATOR 


Finally, ions moving parallel, and at the 
same speed, are introduced into the 
chamber in which they are separated 
according to mass (see Illustration 2). In 
this chamber, a magnetic field is pro- 
duced with lines of force perpendicular 
to the direction of the movement of the 
ions. This magnetic field deflects the ions 
and forces them to follow a circular path. 


The point of origin of this path is the 
third slit. The radius of the circle de- 
pends on: (1) the mass of the ions; (2). 
the speed of the ions. (3) the charge of 
the ions; and (4) the intensity of the 
magnetic field. The i e 
last three are kept : 
The only quantity tha 
mass. The radius of the trajectory's 
vature is directly proportio 
of the ions. The ions 
scribe a flatter (less curved) trajectory 
with a greater radius. The lighter ions 
deviated more and cove: a trajectory with 
a lesser radius of curvature, 

At the terminal point of the s 
circular trajectory, a photographie 
collects the ions that have passed throu 
the whole instrument. The collision 
the ions with the photographic emulsion 
produces a latent image that can be de- 
veloped as if it had been produced by 
light. Illustration 3 shows the “columns” 
corresponding to five isotopes of a sam- 
ple of germanium that has been examined 
in the spectrograph. 


APPLICATIONS OF THE MASS 
SPECTROGRAPH 


The first mass spectrograph was built by 
the English physicist Sir Joseph Thom- 
son, but the first modern version was con- 
structed by his countryman Francis Wil- 
liam Aston shortly after World War I 
Illustration 4 shows a type currently in 
use, 

The principal purpose of the spectro- 
graph is to determine the mass of the. 
isotopes of elements. The values of the. 
masses of the isotopes of the elements 
contained in the periodic table are deter- 
mined by means of the mass spectro- 
graph, or a version of this instrument paf- 
ticularly adapted for making extremely 
precise measurements of masses (see Il- 
lustration 5). 

The mass spectrograph has three other 
important applications. The first is the 
separation of isotopes. If, instead of a 
photographic plate, appropriate collec- 
tors are placed at the terminal point, 
minute quantities of the isotopes that have 
been separated can be collected. A ma 
spectrograph built to separate apprecia- 
ble quantities of isotopes is called a cal- 
utron. This equipment permits the sepa- 
ration to be carried out with a reasonable 


®OGRAPH—The mass spectro- 


graph ha y uses other than that of de- 
terminin: ic masses. It also may be used 
for the : es required in organic chem- 
degree of economy and efficiency. 


A second important application is 
found in chemistry. Certain families of 
organic substances—even if theoretically 
different and separable by chemical 
methods—require laborious processes of 
analysis. If, for example, it is desired to 
separate hydrocarbons with a large num- 
ber of carbon atoms (for example, a 
paraffin with 80 carbon atoms from one 
with 81), almost insurmountable difficul- 
ties would be met if the usual chemical 
methods were used. On the other hand, 
Separation is not complex when using a 
Mass spectrograph, except for the diffi- 
culty of vaporizing the compounds with- 
out breaking the molecules into shorter 
chains. Thus, in specially constructed 
Versions, the mass spectrograph is a use- 
ful instrument in chemical analysis. A 


istry. Complex molecules with similar chemical 
properties that are difficult to separate chemi- 
cally (for example, hydrocarbons with a high 
molecular weight) may easily be separated by 


special spectrometer used in photochem- 
istry is capable of scanning the mass 
spectrum of a gas being sampled as often 
as once every 10-5 seconds. The appear- 
ance of a particular mass only during the 
middle stages of a reaction indicates that 
the mass is associated with an interme- 
diate. 

Finally, a third use is in searching for 
vacuum losses in equipment in which a 
vacuum has been created. If the loss re- 
sults from a leak in the vacuum chamber, 
this may be localized by spraying a jet 
of gas (a gas different from those in the 
atmosphere) on various points of the sur- 
face of the equipment. At the same time, 
a mass spectrograph is used to analyze 
the nature of the gas that is leaking in. 
When the gas contained in the jet ap- 
pears in the spectrographic analysis, this 


this instrument. The equipment shown in the 
photograph is used for analyses of this type. 
Nearly insurmountable difficulties would be 
entailed in using chemical methods. 
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means that the jet is near the point of 
loss. Mass spectrometers can be used to 
detect extremely small amounts of gas 
mixed with large quantities of other gases. 
Spectrometers built for this purpose are 
adjusted to indicate the presence of he- 
lium. Since the helium content of air is 
one part in 500,000, such a detector can 
locate one leak in the presence of 500,000 
other equal leaks. Instruments of this na- 
ture can be used also to indicate leak 
location. Although this application is less 
important than those previously men- 
tioned, the possibility of building large 
vacuum containers such as those used in 
nuclear accelerators (or in plants for 
purifying certain elements) depends on 
using the spectrograph for detecting 
losses. This application is also of use in 
industry. 
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DIAGRAM OF A MASS SPECTROGRAPH—A 
beam of molecules (represented by squares 
in the illustration) is passed into the ionization 
chamber a. Here, the molecules collide with 
a beam of electrons coming from b. These 
electrons are accelerated and directed toward 
the opening by the magnet m. In this way, 
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ions are produced. These are thrust toward 
the upper opening of the chamber by an elec- 
trode that utilizes an appropriate voltage. After 
leaving the chamber, the ions are subjected to 
the electrical field of pletes c and d. They are 
thus accelerated and guided through the slits 
in the plates. The upper magnet M serves to 
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ME! ALLURGY 


Metallurgy science and technology 
of metals, i ing the processes of pro- 
ducing me y extracting them from 
their ores, : g or purifying them, and 
working th anically or otherwise 
adapting t! ) use. 

Of the n han 100 known chemical 
elements, 70 are metals. The first 
metals knc » man were those that oc- 
cur in the ve—or metallic—state, of 
which the earliest were probably the 
nuggets o l found in the sands and 
gravels of rbeds. Copper is another 
metal tha: ars in the native state in 
several p f the world, sometimes in 
large ma hat have extremely high 
purity. 

Ore be however, are not normally 
compose ure minerals but are mixed 
with was! :tter called gangue. An ore 
is a mi of minerals from which a 
metal n exploited commercially; a 
mineral naturally occurring com- 
pound tallic and nonmetallic ele- 
ments. 

The pment of civilization is 
marked tages in which metallurgy 
played :portant role, as illustrated 
by the iat two prehistoric ages have 
been n for metals: the Bronze Age 
and th ! Age. 

With ine birth of modern industrial 
technol«:; toward the end of the eigh- 
teenth ¿1 the beginning of the nine- 
teenth centuries, metallurgy assumed an 


ever-increasing importance. There is 
hardly a single product in whose con- 
struction metal has not played an essen- 
tial part. 


CLASSIFICATION OF MINERALS 


Minerals can be divided into five catego- 
ries, depending on their chemical compo- 
sition: (1) metals in the native state; (2) 
oxides and carbonates (grouped together 
because the carbonates can be trans- 
formed into oxides by means of calcina- 
tion); (3) sulfides; (4) silicates; (5) 
chlorides. 


TREATMENT OF MINERALS 


Treatment of metals in the native state 
is a much simpler process than that used 
for the other metals. For example, native 
copper in an important deposit in the 
United States near Lake Superior is mixed 


ores and 
their treatment 


METALS IN THE NATIVE STATE—Metallurgy 
begins with the treatment of ores to extract 
metals from them. An ore is a mixture of min- 
erals from which a metal may be extracted 
with commercial profit; a mineral is a naturally 
occurring compound of metallic and nonme- 
tallic elements. Some metals, however, occur 


as native or pure materials, generally as ag- 
glomerates of various kinds in the rock in 
which they are embedded. 

A gold nugget and a piece of gold on quartz 
are shown in Illustration 1a; copper crystals 
are shown in Illustration 1b; and Illustration 
1c shows silver crystals. 
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with 99 percent of gangue. The separa- 
tion of the metal from the gangue is ac- 
complished by simple fusion. Native gold 
can be obtained by washing the sands in 
which it is deposited, or by treating the 
mineral with sodium cyanide, a process 
by which a solution of a complex gold 
cyanate is separated and the pure gold 
is obtained by treating the solution with 
zine. 

In the case of oxides, the pure metal is 
obtained by removing the oxygen from 
the metal. This involves a process of 
chemical reduction. It is perhaps the sim- 
plest and most commonly used method 
and is most often accomplished by heat- 
ing the oxide with carbon. Carbon acts 
as a reducing agent, setting the metal 
free by taking the oxygen from it. As the 
metal oxide is reduced to metal, the car- 
bon is oxidized to carbon monoxide or 
carbon dioxide, both of which are gases 
able to escape from the furnace. The re- 
action requires energy, usually applied 
in the form of heat, to make it proceed; 
hence it is carried out in a furnace, either 
fuel-fired or electric. The temperature 
necessary for the reduction depends on 
the affinity of the metal for oxygen; all 
the metals may be arranged in a series 
in which the position of each shows the 


reducibility of its oxide and indicates the 
relative temperature required. 

Three different types of deoxidation 
can occur. If the reduction temperature 
is lower than the fusion temperature of 
the metal, the latter will remain in a solid 
state. Nickel is one of the metals so af- 
fected. If the reduction temperature lies 
between the fusion point and the boiling 
point of the metal, the metal will be re- 
duced to a liquid. The liquid metal, how- 
ever, will contain impurities that must be 
eliminated. This process is called smelt- 
ing, which is defined as melting accom- 
panied by chemical change. Nearly all 
iron is produced by reductive smelting 
of iron oxide ore using carbon in the 
form of coke, both as reducing agent and 
fuel. The operation is usually carried out 
in a blast furnace. 

When the reduction of the oxide takes 
place at a temperature above the boiling 
point of the metal, the metal separates 
from the gangue in the form of a vapor 
and gives rise to an extremely pure prod- 
uct. Zine is produced is this manner. 

Although carbon is a very cheap re- 
ducing agent, it has the disadvantage of 
having a great affinity for some metals 
and thus will not reduce oxides that are 
strongly exothermic. Silicon or aluminum 


A PYRITE MINE—Pyrite (iron sulfide) is ex- 
tracted from this mine together with the native 


rock, called gangue, from which the pyrite is 
later separated. 
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Sulfides are removed by roasting the 
ore prior to smelting. Roasting is heating 
in air without fusion; the chief purpose 
of the roasting process is to transform 
sulfide minerals into oxides, the sulfur 
being removed from combination with 
the metal by oxidizing it to sulfur diox- 
ide, which escapes as a gas. The metal 
usually combines with oxygen also, and 
its oxide is then reduced by smelting or 
otherwise. Tin is an example of a metal 
produced similarly to iron by reductive 
smelting of an oxide ore; lead, zinc, cop- 
per, and nickel are examples of metals 
found as sulfides in ores that are roasted 
before reduction. 

The most abundant ores of copper are 
sulfide ores. Instead of being smelted 
directly to metallic copper, these are usu- 
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i 
CONCEN? i—The concentration of the — mineral—magnetite, for example—passes over 
usable m: ;nsists of separating it from a drum that contains alternate iron and copper 
the gangu which it is associated. Mod- sections. An electromagnet inside the drum 
ern syste: ;ncentration make it econom- — magnetizes the sections as they pass it in the 
ically fe ; exploit some ores with a course of the rotation. The mineral remains 
very low of useful mineral. attached to the sections and drops off only 

Magne: vation is one efficient method when the action of the magnetic field ceases. 
that is € : with some minerals. Illus- The mineral thus falls into a receptacle placed 
tration 4 ; the equipment with which under the drum, while the gangue drops in 
ferromac: ubstances are treated. The front of the drum. 
ally sme ; matte, which is a mixture molten magnesium or sodium. Other met- 
of sulfides chiefly of copper and iron. als sometimes produced by reduction 
The matic is then treated by “convert- with another metal are zirconium, man- 
ing,” a } ;s patterned after the Bes- ganese, chromium, vanadium, and a num- 
semer steel process in which air is blown ber of the rare metals. 


into the molten matte, oxidizing the sul- 
fur to sulfur dioxide, and changing the 
iron to oxide that combines to form a 
silica flux, resulting in a slag, leaving the 
Copper as impure metallic copper. Roast- 
ing copper ore is a partial process that 
has the purpose of adjusting the sulfur 
content desired for a suitable matte. With 
Many copper ores, roasting is omitted. 
Nickel ores are also smelted to matte, fol- 
lowed by converting. 

Some metals, instead of being reduced 
by carbon, are reduced by another metal 
that has such a high affinity for oxygen 
that it takes the oxygen from the oxide 
of the desired metal when sufficiently 
heated; or, by application of the same 
Principle, takes chlorine from the chloride 
of the metal. Thus titanium is produced 
by reducing titanium tetrachloride with 


Metals whose oxides or other com- 
pounds would require excessively high 
temperatures for reduction by pyromet- 
allurgy are made by electrolysis of a 
fused bath salt containing a compound 
of the metal. This is an important metal- 
lurgical method, accounting for the total 
production of aluminum. 

Another important method of extrac- 
tion is that of hydrometallurgy or leach- 
ing. This method is applied when a com- 
pound of the metal exists in the ore, or 
can be formed by roasting, that will dis- 
solve in a suitably low-cost solvent. Large 
tonnages of coppet and zinc are produced 
in this manner, as well as most gold and 
much silver. The most common leaching 
agent is dilute sulfuric acid, which is used 
for recovery of copper and zinc. The so- 
lution obtained by leaching must be fur- 


rotating 
electromagnets 


Illustration 4b is a schematic layout of a 
plant for paramagnetic materials; these are 
less readily attracted by the magnetic field 
and, therefore, call for more powerful magnets. 
The finely ground material passes over a con- 
veyor belt and comes into contact with a 
series of rotating electromagnets. The mineral 
is thus dropped at the sides of the conveyor, 
while the gangue continues on its way and is 
discharged at the head pulley. 


ther treated by electrolysis to obtain the 
metal from it. 

In the treatment of silicates two meth- 
ods are normally used—reduction in the 
presence of lime, or transformation into 
sulfides. 

In the case of chlorides, metals such as 
magnesium and calcium are obtained by 
electrolysis in a cell whose base consti- 
tutes the anode; the metal collects around 
the cathode at the surface of the elec- 
trolyte. 


ELECTROMETALLURGY 


Many metals that were once considered 
almost as laboratory curiosities, such as 
aluminum and magnesium, are now of 
great industrial importance, thanks to the 
techniques of electrometallurgy, which 
employs electric current for its effect. 
Electric energy may be used either as a 
source of heat energy or it may be used 
directly in the chemical reaction of re- 
ducing minerals. 
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FLOTATION—Flotation is a special process, 
developed in the first quarter of the twentieth 


ALL 
i (re 


BL mm LA 


century, for separating the mineral from the 
gangue. Used for nonferrous metals, this proc- 
ess soon became the leading method of ore 
processing. It makes the exploitation of the 
ores of copper, zinc, and lead economically 
feasible, even if they contain very small per- 
centages of the metal. 

The process depends on the fact that cer- 
tain minerals—notably the sulfides—are not 
readily wetted by the water in which they are 
immersed, but instead become attached to air 
bubbles that cause them to float. Other min- 
erals, including oxides and the common con- 
stituents of the gangue, are wetted and do not 
float. Thus, the valuable mineral particles of 
an ore, which must be finely ground, can be 
separated from the worthless gangue. The ac- 
tion is promoted by the addition of small quan- 
tities of several substances to the water, in- 
cluding "frothers" that make the froth stable 
and lasting when air is introduced in the flota- 


tion cell by agitation or by blowing. This froth 
carries the desired mineral particles to the 
surface of the water in the cell. A special 


chemical reagent is generally added that re- 
duces wettability and assists in the attach- 


ment of air bubbles to the surfaces of floatable 
particles. Flotation is carried out in special 
tanks, as shown in the illustration. 


Furnaces operated by electric heat are 
of two types: resistance furnaces and arc 
furnaces. The former can be subdivided 
into three types: (1) furnaces in which 
the electric current flows through the 
metal bath itself; (2) furnaces in which 
the heat is generated in a resistance coiled 
around the crucible containing the metal; 
and (3) induction furnaces at low or high 
frequency, in which the current in the 
metal bath is induced by the passage of a 
current through an external induction 
circuit. In all these cases, heating is ac- 
complished by the Joule effect. 

Arc furnaces, on the other hand, are 


ROASTING—With certain minerals, the metal- 
lurgical process requires a number of pre- 
liminary heat treatments to facilitate the ex- 
traction of the metal. Two of these treatments 
are particularly important: the calcination of 
carbonates and the roasting of sulfides, both 
of which bring about the formation of the cor- 
responding oxides. 

Roasting consists of subjecting the mineral 
to the oxidizing action of air at a high tem- 
perature. The illustration shows the schematic 
layout of two types of roasting furnaces. Illus- 
tration 6a is a section through a multiple-floor, 
circular furnace. A bladed shaft, mounted 
along the vertical axis of the furnace, rotates 
slowly and ensures that the mineral is pushed 
downward from one floor to the next. The first 
stage of the roasting process consists of a 


dehydration that begins at less than 100* C 
(212° F). This process is followed by a dis- 
Sociation of carbonates in the gangue, at 
around 200°C (392? F). The sulfides burst 
into flame at temperatures above 200*C; 
they form sulfates and, at temperatures in 
excess of 650? C (1,202? F), they form oxides. 
Above 1,000? C (1,832? F), a temperature 
reached at the lower end of the furnace, 
complete decomposition of the sulfates 0C- 
curs and the roasted product, therefore, con- 
sists exclusively of oxides. The product, which 
is in fine powder form, is subsequently SU 
jected to a process of agglomeration tha 
changes its form to small briquettes. 

Illustration 6b is the schematic layout of à 
muffle furnace. 


AN ELEC 


FURNACE FOR SPECIAL 
STEELS. nace in the illustrations is 
an arc fi or special steels. In Illustra- 
tion 7a i \perature of the metal bath is 
either o radiant type (in which the 
heat ene s transferred to the metal 
bath b; iation) or of the direct arc 
type (in h the metal bath is actually 
traversed by the arc between two elec- 
trodes). The operation of this type of fur- 


nace is described in the caption for Illus- 
tration 7. 

Electrolysis occurs when electric cur- 
rent plays a direct part in the chemical 
reactions of the minerals or the bath. 
Electrolytic production of a metal gen- 
erally starts from an aqueous solution 
or from a fusible compound. The anode 
is of the insoluble type; that is, it is a 
material that will not pass into solution 
in the bath. When a current is passed 
through the bath, the metallic ions mi- 
grate toward the cathode, lose their posi- 
tive charge, and collect there. 


PRELIMINARY TREATMENT 
OF MINERALS 


The various types of metallurgical fur- 
naces and other equipment for obtaining 


being checked. In the foreground are the 
various substances that are put into the bath 
in order to obtain the desired composition. 
The furnace is opened after it has been tapped 


metal will not function properly unless a 
mineral has the correct physical form, an 
adequate content of the useful element, 
and a well-defined chemical nature. 

Many preliminary treatments are com- 
mon to all metals and can be subdivided 
into three categories: mechanical treat- 
ment, separation processes, and thermal 
treatments. 

The mechanical treatment generally 
consists of crushing the product obtained 
from the mine in order to reduce the size 
of the mineral pieces and facilitate siev- 
ing and selection. Separation treatments 
separate the mineral from the gangue. 
Thermal treatments bring about calcina- 
tion of carbonates and roasting of sul- 
fides. The process of agglomeration, de- 
signed to bring the mineral pieces to a 
suitable size, also forms part of the heat 


treatments. 


ECONOMIC CONSIDERATIONS 


Many factors determine whether a given 
mineral can be profitably extracted. One 


(Illustration 7b). The cover is moved sideways 
to permit the introduction of a new charge, 
exposing to view the large graphite electrodes, 
which here are in an incandescent state. 
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of the most important is the value of the 
metal itself: for example, 20 g of gold 
per ton is sufficient for profitable extrac- 
tion, whereas ten thousand times as great 
a metal content in the case of iron is sel- 
dom considered worth extraction. 

Other factors that influence the feas- 
ibility of extraction include mining con- 
ditions, geographic and geological loca- 
tion of the deposit, and economic and 
political considerations, such as the highs 
and lows of market prices, agreements 
between nations, and so forth. Techno- 
logical progress is also an influence. Im- 
provements in metallurgical techniques 
have made it possible to obtain metal of 
ever-increasing purity and, at the same 
time, the exploitation of less rich ores. 
Another example of technical progress 
is illustrated by the iron mines of Lor- 
raine, which, in spite of being very rich 
in ore, could not be exploited until 1880, 
when metallurgists discovered how to 
eliminate the phosphorus, which steel 
cannot tolerate and which was present in 
considerable quantities. 
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THE MICROSCOPE-I 


The simplest microscope is a magnifying 
glass consisting of a single lens. Its limited 
power of magnification is surpassed by 
that of the compound microscope, a com- 
mon laboratory instrument. The com- 
pound microscope consists of a tube with 
an objective lens at the lower end and an 
eyepiece or ocular at the upper end. 
Many microscopes have two, three, or 
four objectives of different magnifying 
powers, but only one of them is used at 
a time. 

When the objective forms the image of 
an object the magnification is equal to 
the ratio of the distance from the image 
to the lens (d) and the distance from 
the lens to the object (di). In the con- 
struction of a microscope, the usual prac- 
tice is to keep the distance d; equal to 16, 
because the objective is mounted in a 
tube 16 cm (about 6.3 in. )long. There- 
fore, if the focal length is known, the 
magnification can be computed readily. 
For example, if the focal length of the 
object is 1.6 mm (about 0.6 in.) and if 
the object viewed is this distance from 
the objective, the image formed by this 
Objective mounted in a 16-cm tube is 


eyepiece 


THE DISTANCE OF DISTINCT VISION — The 
average distance for the observation of nearby 
objects is 25 cm (9.75 in.). This is called the 
distance of distinct vision. It is the distance 
at which a person with normal eyesight can 
read without straining his eyes (Illustration 2a). 

Reading with the naked eye becomes dif- 


objective 2a 


«e» 


object 


THE OPTICAL LAYOUT OF A COMPOUND 
MICROSCOPE—The object to be observed o 
is placed close to the objective, a lens having 
a short focal length. The objective forms a 
real image of the object at the point F. An- 
other lens, the eyepiece c, magnifies the real 
image, making it large enough to be seen 
clearly by the observer. 
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OBJECTIY ID EYEPIECE — Illustration 3a 


shows an tive giving a magnification of 
100 X—2! \ẹ greatest magnification avail- 
able in tives. Illustration 3b shows a 
wide-anc piece giving a magnification of 
125 X « providing partial correction of 
curvature i5. 

above t "face on which the micro- 
scope r if the eyepiece is tilted, the 
virtual lies in a tilted plane before 
the mic e.) The distance of 25 cm 
was chi yecause this is the average 
distanc: listinct vision; that is, the 
shortest nce at which a normal eye 
can sc object clearly and comfort- 
ably, Ji distance at which a person 
with n | eyesight holds a book for 
readin; 

A viros! image never is inverted with 
respect to its subject, but because the 
real image in the body tube is inverted, 
the virtual image formed by the eyepiece 
is inverted with respect to the object 


under the objective. 

Most eyepieces magnify 10 times, but 
other magnifications are used as well. 
The magnification, which usually is en- 
raved on the eyepiece by the manufac- 
turer, is equal to 25 divided by the focal 
length (expressed in cm) of the lens. The 
total magnification achieved by a micro- 
Scope is equal to the product of the mag- 
nification of the objective lens multiplied 
by the magnification of the eyepiece; a 
100 X objective with a 10 X eyepiece 
magnifies 1,000 times. 


ILLUMINATION OF THE OBJECT 


If a microscope is to form a distinct im- 
age of an object placed in the focal 
Plane of its objective, this object must 
be well illuminated. If an objective mag- 


nifies 100 times, it produces a real image 
with an area of 1 cm? (0.15 in.?) for an 
object having a side of 0.1 mm (about 
0.004 in.) or an area of 0.01 mm? (about 
0.00002. in.*). The area of the image is 
10,000 times as great as the area of the 
object. Therefore, the intensity of the 
illumination of the object has been di- 
minished by a factor of 10,000. The eye- 
piece, which further increases the mag- 
nification, contributes to the loss of more 
brightness. For this reason the objects 
observed under the microscope must be 
brightly illuminated. 

Usually the source of illumination is 
a lamp of high intensity; a mirror directs 
the light to the object, which is illumi- 
nated from below. Ideally the lamp con- 
sists of a light bulb and a lens that trans- 
mits the beam of light toward the mirror. 
The filament of the bulb is placed at 
the focus of the lens; the rays of light 
emerging from the lens are, therefore, 
parallel (this happens if the filament is 
sufficiently small). The lamp is usually 
located a short distance from the micro- 
scope where the heat emitted by the bulb 
is not transmitted to the microscope body 
and cannot deform it by thermal ex- 
pansion. 

A mirror is placed directly beneath the 
objective, in the axis of the microscope. 
The mirror reflects light rays vertically 
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ILLUMINATION BY REFLECTION—A beam of 
light from a lamp (projector) is reflected by 
a mirror S toward a condenser C located be- 
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THE CONDENSER—The light coming from 
the projector is concentrated on the object by 
means of a condenser. In this part of the op- 
tical system slight chromatic and spherical 
aberration can be tolerated. 


upward and sends them to the condenser 
(or directly to the object if there is no 
condenser). It travels upward through 
an opening in the microscope stage and 
then through the object under study. A 
glass slide supports the object above the 
opening. Many microscopes, especially 
those of good quality, are equipped with 
condensers. The condenser is an optical 
system that concentrates light rays after 
they leave the mirror and before they 
reach the object. The Abbe condenser, 
which utilizes only two lenses, is simple 


neath the microscope stage T. The condenser 
concentrates the light on the object under 
study. 
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BINOCULAR VISION 


Anyone regularly engaged in microscopic 
observations must look through the eye- 
piece for many hours at a time. These 
observations can be very tiring for sev- 
eral reasons. First, the observer must look 
along the axis of the microscope from a 
correct distance and must hold the eye 
at a fixed distance from the eyepiece. 
The eye may make efforts to correct any 
aberrations of the image by means of 
adaptation. The color of the light and 
its intensity can also produce fatigue. 
When a monocular microscope is used, 
à common cause of eye fatigue is squint- 
ing. Closing the eye that is not looking 
through the eyepiece should be avoided. 
Both eyes should be kept open. With a 
7 


THE BINOCULAR VIEWING DEVICE — The 
graduated knob at the center of the device 
adjusts the two eyepieces to the observer's 
interpupillary distance and gives the measure 
of this distance in millimeters. The two eye- 
pieces have independent focusing systems 
and, therefore, can be used by an observer 
whose eyes are not identical. 


THE PRINCIPLE OF THE BINOCULAR VIEW- 
ING DEVICE—The beam of light coming from 
the object arrives at the central prism, which 
consists of two adjacent 459 prisms; the light 
is divided when it strikes the common, half- 
Silvered surface of these two prisms. The two 


and has good light-gathering ability; it 
is used for most general microscopy. 

Colored filters can be placed in the 
beam of light between the lamp and the 
condenser in order to illuminate the ob- 
ject with light of a particular color. This 
is useful for obtaining a strong contrast 
in certain photographs or for increasing 
the sharpness of the image when it is 
Observed visually. 

If the light provided by the condenser 
is too bright for the eye, it can be at- 
tenuated by placing gray filters between 
the source of light and the condenser, 
by reducing the supply voltage of the 
projector bulb, or by closing the dia- 
phragm near the condenser, which in- 
tercepts part of the beam of light. 

The first method is preferred, for it 
neither alters the color of the light nor 
leads to a reduction of the cross-sectional 
area of the beam. If the supply voltage is 
reduced, the light emitted by the bulb 
becomes more yellowish. This must be 
avoided when color photographs are 
made. Reducing the section of the light 
beam (the third method) causes a re- 
duction of the resolving power obtain- 
able from the microscope. 
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HOW MUCH “AN A 

MICROSCO! ^ AGNIFY? 

Looking at ^ematic diagram of a 
microscope, ider might well think 
that this ins ent could be used to 
obtain any 1 ication, no matter how 
great, He ; assume that nothing 
more woul’ ssary than to in- 
crease the ce between the objec- 
tive and th: niece. An objective with 
a magnifica: f 100 X and an eyepiece 
with a ma: tion of 15 X provide a 
magnificati: 1,500 X when they are 
mounted in) em (about 6.3 in.) body 
tube; if the were 64 cm (about 25 
in.) long, magnification would be 
6,000 X. H r, in this second case the 
virtual ima ovided by the eyepiece 
would no: cher in detail than the 
one at 1,5 In fact, the eyepiece 
merely pe: he observation of the real 
image for y the objective, and it 
cannot sh tails that are not already 
contained e real image. A photo- 
graph in paper consists of many 
tiny dots ire barely visible to the 
normal, u eye. A magnifying glass 
can make icture appear larger, but 
it does ; l any more detail. The 
dots tha: isible to the naked eye 
merely s ger when seen through 
the magi: lens. In the same way, 
the maximus: agnification that can be 
obtained from a microscope depends on 
the quali ^ image formed by the 
objective. ising magnification. by 


lengthening i1- body tube or increasing 
the magnification of the eyepiece cannot 
reveal detail not already present in the 
real image. Sharply defined images can 
be observed with an overall magnifica- 
tion of 1,000 X or, rarely, 2,000 X; less 
sharply defined images can be magnified 
to a lesser extent. More magnification 
merely results in larger, but fuzzier im- 
ages. 


RESOLVING POWER 


Resolving power is the term used to 
specify the microscope’s ability to form 
distinct images of two points placed close 
together. As a measure of resolving 
power, the least distance between two 
points that can be distinguished by the 
microscope is taken. For example, if a 
microscope enables its user to observe 
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as separate objects two points that are 
separated by a distance of 0.001 mm 
(about 0.00004 in.) the resolving power 
of that microscope is 0.001 mm. 
Resolving power is affected by diffrac- 
tion, which prevents the microscope from 
forming a perfect image. As light rays 
pass through a small circular diaphragm, 
they are diffracted or bent. Therefore, if 
parallel light rays in a cylindrical bundle 
pass through such a diaphragm, they no 
longer constitute a cylindrical bundle, but 
emerge as a conical one (Illustration 1). 


DIFFRACTION—When a beam of parallel rays 
passes through a circular diaphragm, the 
edges of the aperture cause diffraction of the 
light waves: when the rays emerge from the 
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objectives and condensers 


Light passing through a lens is dif- 
fracted also. A lens that causes parallel 
rays of light to converge is never perfect, 
but forms a small disk with a blurred 
circumferential edge ( Illustration 2). The 
larger the diameter and the shorter the 
focal length, the smaller is the disk ( Ilus- 
tration 2b). If the rays follow the same 
path but in the opposite direction—that 
is, if the rays of light emitted by a point 
source are converted into a parallel beam 
by a lens—diffraction prevents them from 
being exactly parallel; it makes them di- 


diaphragm, they form a conical—rather than a 
cylindrical—beam that gradually widens with 
increases in distance from the diaphragm. 


diffraction 


— 


weak converging lens 


RGING LENS—Parallel rays fall- 
Mike orien lens tend to become 
concentrated at the focal point of the lens, 
but the edges of the lens cause a slight dif- 
fraction and the image of a point source, 


strong converging lens 


therefore, has the form of a small disk. The 
diameter of this disk becomes smaller as the 
converging power of the lens increases. (Com- 
pare Illustrations 2a and 2b.) 
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THE DIVERGENCE OF A LENS—Illustration 3a 
diagrammatically shows that light rays com- 
ing from a point source placed at the focus 
of a lens tend to become parallel as they 
emerge from the lens, but diffraction causes 
them to diverge slightly. 


verge slightly (Illustration 3a). If the 
source is moved away from the focus of 
the lens, the light rays converge at a 
specific point. However, even if the 
Source were a perfect point, its image 
would be a small disk with blurred edges 
(Illustration 3b). The fuzziness of an 
image depends on its distance from the 
lens—160 mm (about 6.3 in.) in ordinary 
microscopes—the diameter of the lens, 
and the wavelength of the light that is 
used. Sharper images are obtained with 
objectives of large diameter and short 
focal length and with light of short wave- 
length. 

The formula that expresses the mini- 
mum distance between two objects that 
can be separated by a microscope is the 
so-called Abbe formula: 


d — 0.61 A/nsin e 
where À is the wavelength of the light, 
n is the index of refraction of the medium 
between the objective and the object, 
and e is half the apex angle of the cone of 
light entering the objective. This formula 
indicates that the resolving power of a 
microscope can be altered by changing 
any of three variables: (1) the wave- 
length of light that is used, (2) the 
medium between the objective and the 
object, or (3) the objective. 

For ordinary use of the microscope, 
visible light is employed. Although this 
is a mixture of light of various colors and 
wavelengths ranging from about 4,000 À 
(Angstroms) to 7,000 A, the wavelength 
of green light (5,000 A) is employed in 
the formula because the human eye is 
more sensitive to green light than to 
other components of visible light. Violet 


If the light source is placed a small distance 
beyond the focus of the lens (Illustration 3b), 
the rays converge toward a point on the axis 
on the other side of the lens. Rather than 
forming a point, however, the image forms a 
small disk. 


light only (about 4,000 A) can be used 
with an ordinary microscope to improve 
its resolving power; however, some of 
this advantage is lost, because the human 
eye is not very sensitive to violet light. 
Ultraviolet light has even shorter wave- 
lengths and produces even better resolu- 
tion, but the human eye does not perceive 
this radiation, Therefore, before they can 
be examined, the images formed by ultra- 
violet light must be recorded on special 
film sensitive to this radiation. Moreover, 
quartz lenses must be employed, because 
glass, like the human eye, does not trans- 


ILLUMINATION OF THE OBJECT—The light 
coming from the lamp passes through the 
condenser. The beam of light, bounded by the 


4 


objective 


mit ultraviolet light. 
Ordinarily, only air (refractive index | 
=1.00) separates the object and the ob- 
jective, but with high magnifications 
(about 1,000 X or more) some clear me- 
dium with a higher ycfractive index is 
placed between the ^ject and the ob- 
jective. Water (n= 1.23) may be used 
but immersion oil (^ = L82) is most 


commonly employe. ^ medium with a 
high refractive indes »rmits more li 
to reach the objecti. from the obj 
thereby increasing ti resolving po 


of the microscope. 

If the angle e subtence 
at the edges of the objective is large, the. 
resolving power of the microscope is 
correspondingly better. The diameter of 
the objective should 5e large and its 
focal length small | heoretically the 
angle e could approaci: 90°, but 70° is a 
more realistic figure. 

The resolving pow: 
scope can be calculate 
above assuming 


f a good micro- 
rom the formula | 


à =5,000 A (:cen light) 
n=1.52 (imr: ion oil) 
sine=0.94 (e— 70") 
061x500) _ 
d— 18 xo: = 2,185 A. 


‘oward the object, 
objective. 


rays a and b, converges 
then diverges toward the 


condenser 


pe, therefore, can pro- 
mn of two points about 
» points that are closer 
a single point. 
»sjn e) is the numerical 
bjective. It is engraved 
together with an indi- 
ification. For example, 
A = 1.3 100 X" signifies 
ıl aperture is 1.3 and 
factor is 100 ( when the 
ited in a 16-cm micro- 


A good m 
vide good 1 
2,000 A apa 
together ay 
The proc 


scope tub 

RESOLU AND 

MAGNIFI ION 

If two po juminated by green light 
are 5,000 art and the real image is 
formed by a 100 X objective with a nu- 
merical ire of 1.3, the two points 


appear in the image to be 100 times far- 
ther apart—that is, 500,000 A. The human 
eye cannot perceive such minute details; 
therefore the image must be enlarged at 
least another eight times to obtain a mag- 
nification of 800 X before the human eye 
can perceive the two points and see them 
as separate points. Because most eye- 
Pieces magnify 10 times, a magnifica- 
tion of 1,000 X commonly is used in 
microbiology and cytology. 


THE IMPORTANCE OF 
THE ILLUMINATION 


For the objective to operate with max- 
imum resolving power, it should receive 
all the light rays it is capable of accept- 
ing from the object, within an angle of 


about 70°. This occurs if the condenser 
causes the light to converge on the speci- 
amination at the same angle 
as the angle of aperture of the objective 


men under ex: 


DIAPHRAGM APERTURE — Differences 
in the aperture of the diaphragms placed 
beneath the condenser (Illustration 5a) 
affect the quality of photographs taken 
through a microscope. Illustration 5b is 
a photograph of the surface of a diatom 
taken with maximum aperture; Illustra- 
tion 5c was taken with intermediate 
aperture; and Illustration 5d was taken 
with minimum aperture. The magnifica- 
tion was the same for all three photo- 


itself. If the cone of the incoming light 
has a smaller aperture, the effective value 
of € (and, consequently, the resolving 
power of the microscope) is reduced, 

Therefore, to mount an oil immersion 


* objective with a large numerical aper- 


ture, the microscopist should be sure that 
his condenser has as great an aperture 
as the new objective. 

The fact that a microscope cannot re- 


i solve the images of objects separated by 


a distance of less than 2,000 À does not 
mean that objects of smaller dimensions 


Í do not become visible. Because particles 


of small dimensions transmit a minimum 


Ú amount of the light they receive, they are 


generally observed with dark field illumi- 
nation. The light source is arranged so 
that the light falls obliquely onto the ob- 
ject. The rays that strike the particles are 
reflected in all directions, but those that 
do not strike any particles do not enter 
the objective. The light reflected by a 
particle is sufficient to fill the whole cone 
of the objective, which can, therefore, 
operate at its maximum resolving power. 


jJ This arrangement is said to be ultrami- 
croscopic because it enables the observer 


to study objects smaller than might be 
expected from the resolving power of the 
microscope—such as suspensions of very 
minute particles. 
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ampere 
Angstrom unit 

absolute 

alternating current (as an adjective) 
atomic mass unit 

atmosphere 

atomic weight 

astronomical unit 

avoirdupois 


one billion electron volts 
brake horsepower 

brake horsepower-hour 
boiling point 

British thermal unit 


temperature Celsius; temperature 
Centigrade 

candle 

calorie 

cubic feet per minute 

cubic feet per second 

centimeter-gram-second ( system) 

centiliter 

centimeter 

square centimeter 

cubic centimeter 

coefficient 

cologarithm 

cosine 

cotangent 

candlepower 

cosecant 

cubic 

cubic foot 


decibel 
direct current (as an adjective) 
dozen 


electromotive force 

the base of the system of natural 
logarithms 

electron volt 


temperature Fahrenheit 
freezing point 

feet per minute 

feet per second 

foot; feet 

square foot 

cubic foot 


ABBREVIATIONS 


footcandle 
foot-pound 


universal gravitational constant 
gram 

gallon 

gram-calorie 

gallons per minute 

gallons per second 


hour 

photon energy 
horsepower 

hertz (cycles per second) 


electric current 
inside diameter 
inch 

square inch 
cubic inch 
inch-pound 
inches per second 


joule 


temperature Kelvin (absolute) 
kilocalorie 

kilogram 

kilogram-calorie 
kilogram-meter 

kilograms per cubic meter 
kilograms per second 
kilometer 

kilovolt 

kilowatt 

kilowatt-hour 


liter; lumen 

latitude 

pound 

pound-foot 

pounds per square foot 
pounds per cubic foot 
pound-inch 
lumen-hour 

linear foot 

logarithm (. common) 
logarithm ( natural) 
longitude 


meter; minute (time, in astronom- 
ical circles) 


yd 
yd? 
yd? 


SCIENTIFIC SYMBOLS AND ABBREVIATIONS 


alpha particle 

beta particle 

positron 

gamma radiation 

a small change; heat 

wavelength; radioactive-decay con- 
stant 

milliampere 

microcurie 

microfarad 

microinch 

micron 

Mmicromicron 

micromicrofarad 

frequency; neutrino 

3.14159; osmotic pressure 


SIS 20A Miei x 


the sum of 

nuclear cross section (barns); area 
electrical resistance (ohms) 
angular speed; angular velocity 
minute (angular measure) 
second (angular measure) 

male 

female 

is greater than 

is less than 

is proportional to 

infinity 

Square root of 


degrees; temperature; angle measure- 
ment (example, 30?) 


(] 
+ 


square meter 

cubic meter 

milliampere 

one million electron volts 
milligram 

millihenry 

mile 

square mile 

minute 

meter-kilogram 

milliliter 

millimeter 

square millimeter 

cubic millimeter 
millimicron 

miles per hour 

miles per hour per second 
millivolt 


Avogadro’s constant 
factorial n 


outside diameter 
ounce 


rating on acid-alkaline scale 
parts per million 

pounds per square inch 

pounds per square inch absolute 


7j 
temperature Reaumur; resistance , 
right ascension 
revolutions per minute 
revolutions per second 


secant; second 
sine 

specific gravity 
square 


tangent 


volt 
volt-ampere 


watt; work 


yard 
square yard 
cubic yard 


molar concentration 

positive electric charge; mixed with; 
plus 

negative electric charge; single cova- 
lent bond; minus 


equals; double covalent bond; pro- 
duces 


does not equal 

triple covalent bond 

produces; forms; chemical reaction. 
reversible chemical reaction 

gas produced by a chemical reaction 


precipitate produced by a chemical 
reaction 

radioactive substance (follows sym- 
bol of element; example, CI*) 
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Refracting Telescope to Sill 


KEY TO PRONUNCIATION 


The diacritical marks are: 


ə banana, abut e bet th. thin 
ə preceding l, m, n é beat th then 

as in battle i tip ü rule, fool 
9 electric 1 bite à pull wood 
or further j job, gem ue German 
a mat y sing hübsch 
ā day ō bone w French rue 
4 cot, father ò saw, all yü union 
aù now, out òi coin zh vision 


! mark preceding the syllable with strongest stress. 
, mark preceding a syllable with secondary stress. 


———— 


'The system of indicating pronunciation in these volumes is used by permission 
from Websters Third New International Dictionary, copyright 1961 
by G. & C. Merriam Co., Publishers of the Merriam-Webster Dictionaries. 


refracting telescope 


refracting telescope \ri-'frakt-in 'tel-o-.skopV 
ASTRONOMY. A type of telescope with a convex lens or a com- 
bination of lenses for focusing light rays from an object being 
viewed; also called a refractor; see reflecting telescope. 


The largest REFRACTING TELESCOPE in the world, at Yerkes Ob- 
servatory in Wisconsin, has an objective lens 40 inches in di- 
ameter. 


refraction \ri-'frak-shon\ n. 
PHYSICS. The change in direction of light waves or other energy 
waves when they pass obliquely from a medium of one density 
into a medium of different density, or from a region of one 
density into a region of different density within the same me- 
dium. The velocity of the waves changes with the change in 
density. 


Underwater objects are seldom where they appear to be be- 
cause of the nerraction by water of light coming from the 
objects. 


regelation \,ré-ja-'la-shon\ n. REFRACTION 
puysics. The process by which ice melts when pressure is ap- 
plied to it and refreezes when the pressure is removed. 


An example of wecELATION is the refreezing of ice melted by 
the pressure of an ice-skate blade. 


regeneration Vri-jen-o-'rà-shonY n. 
1, pnysioLocy. The renewal of body parts or of tissue that has 
been lost or destroyed through injury or normal wear. 
2. ruvsics. Positive feedback, by which some of the output 
power of an amplifier is sent back through the circuit to in- 
crease the regular signal; also, the use of heat and other prod- 
ucts that normally would be lost, as in a steam engine. 


In certain simple animals, as worms and sponges, complete RE- 
GENERATION of a whole body can occur, but in man, regenera- 
tion is limited to such tissues as hair, nails and skin. 


regression \ri-'gresh-an\ n. 
BIOLOGY. A tendency of offspring to show a hereditary trait not 
exactly like that of either parent but representing a mean be- 
tween them; also, a tendency of offspring to show traits that 


neither parent has but that can be traced back to an earlier REGULAR 
generation. POLYGON 


Purebred horses that have escaped into the American prairie 
have shown a recression toward the wild type after several 
generations. 


regular polygon Vreg-yo-lor 'pál-i-gànV 
MATHEMATICS. A polygon having equal sides and equal interior 
angles. A square is a REGULAR POLYGON. 
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relativity theory 


regular polyhedron Vreg-yo-lor ,pil-i-'hé-dran\ 
MATHEMATICS. A polyhedron, or geometric solid, whose faces 
are bounded by congruent regular polygons and whose poly- 


CUBE hedral angles are all congruent. 
A cube is a REGULAR POLYHEDRON that has six faces. 


regular prism Vreg-yo-lor 'priz-om\ 
MATHEMATICS. A prism whose bases are congruent regular poly- 
gons and whose other, or lateral, faces are rectangles. 


REGULAR POLYHEDRON The general form of the Pentagon building in Washington, 
D.C., is a REGULAR PRISM. 
regular pyramid Vreg-yo-lor 'pir-o-,mid\ 
MATHEMATICS. A pyramid whose base is a regular polygon and 
whose other, or lateral, faces are congruent isosceles triangles. 


The Great Pyramid of Egypt is @ REGULAR PYRAMID with a 
square base. 


rejuvenation \ri-jii-vo-'na-shen\ n. 

1. EARTH SCIENCE. The development of youthful landforms after 

they have been worn down close to their base level; also, an 

increase in the rate of stream erosion, usually as a result of mas- 

sive uplifting of an area. 2. prorocv. The restoration of vigor to 
| plants and animals, as trees are restored by pruning branches, 

or as tissue is restored in man by the transplant of endocrine 

gland tissue from other animals. 


REGULAR PRISM Although a stream may continue to follow the same channel dur- 
ing REJUVENATION, active downcutting causes the stream sides 


to become steep and V-shaped. 


relative humidity Vrel-ot-iv hyü-'mid-ot-& 
EARTH SCIENCE. The ratio of the actual amount of water vapor 
in the air to the maximum amount of water vapor that the air 
could hold at that temperature; see absolute humidity. 


RELATIVE HUMIDITY and temperature are two major conditions 


controlled by air conditioning. 


relativistic mass Vrel-ot-iv-'is-tik ‘mas\ 
puysics. Referring to the weight of an object according to Ein- 
stein's concept of mass as relative; see relativity theory. 


A body in motion has a RELATIVISTIC Mass greater than that of 


a body at rest. 
REGULAR PYRAMID 
relativity theory \ rel-a-'tiv-at-€ 'thé-o-ré\ 
pHysics. An explanation of phenomena involving light, time 
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relay 


and space, based largely on the hypothesis that the measured 
speed of light has a constant value regardless of the relative 
motion between the source and the observer, Relativity is used 
to predict the interchangeability of matter and energy, as ex- 
pressed in the equation E = mæ, developed largely by Albert 
Einstein; also call the theory of relativity. 


Observations of the relative positions of stars during a total 
eclipse of the sun have confirmed the prediction, based on the 
RELATIVITY THEORY, that the path of light should be curved in 
a strong gravitational field. 


relay \'ré-,]a\ n. 
ENGINEERING. A device that uses an electric current (usually 
small) in one circuit to control a current (usually larger) in a 
second circuit. It is frequently designed to use electromagnets. 


An electric eye is sometimes used to control an electric circuit 
containing a RELAY that controls power in another circuit that 
opens a door. 


relief \ri-'léf\ n. 
EARTH SCIENCE. The differences or variations in the elevation of 
land surfaces; also, the difference between the highest and 
lowest land surface in an area. 


A map may indicate RELIEF by a different color for each 1,000 
feet of elevation. $ 


renal Vrén-?IV adj. 
ANATOMY. Referring to the kidneys or to their parts or functions. 


RENAL arteries supply blood to the kidneys. 


rennin \'ren-an\ n. 
PHYSIOLOGY and zooLocx. An enzyme, found in the gastric juice 
of some mammals, that coagulates the casein in milk, 


A purified form of RENNIN obtained from the gastric glands of 
calves is used in making certain kinds of cheese. 


repeating decimal \ri-'pét-in ‘des-o-mal\ 
MATHEMATICS. A decimal in which one or more digits occur in 
an endless, repeated sequence, as .030303 or .2299. 


A REPEATING DECIMAL is a rational number. 


replacement \ri-'pla-smant\ n. 
1. CHEMISTRY. A type of chemical reaction in which an element 
and a compound react to form a new compound (single re- 
placement) or in which two compounds react to form two 


CONTACT POINTS 


TO 
CIRCUIT 
CONTROLLED 


ARMATURE 


SN 
ELECTRIC «3 
CURRENT 


ELECTROMAGNETIC 
COIL 


CIRCUIT 


RELAY 


LARGE VEIN 


HYDROGEN (H;) 


HYDROCHLORIC 
ACID (HCI) 


ZINC (Zn) 


ZINC CHLORIDE 
(ZnCl) 


Zn + 2HCI — Hz + ZnCl 


REPLACEMENT 
(SINGLE) 


LIZARD 


REPTILE 


GARTER SNAKE 


RESIDUAL SOIL 


residual soil 


different compounds (double replacement). 2. EARTH SCIENCE. 
The chemical process by which remains of plant or animal life 
are converted into fossils through infiltration of water contain- 
ing dissolved minerals that replace the organic matter. 


The formation of petrified wood by REPLACEMENT is an exam- 
ple of a chemical reaction that occurs in nature. 


replication \,rep-lo-'ka-shan\ n. 
The duplication or repeating of a scientific experiment to reduce 
the chance of error; also, repetition in general. 


The REPLICATION of an experiment on several successive days 
ensures that the result of the first test was not influenced by an 
uncontrollable factor such as excessive humidity. 


reproduction \,rē-prə-'dək-shən\ n. 
piotocy. The process by which organisms produce offspring; 
see asexual reproduction and sexual reproduction. 


Since individuals have specific life spans, REPRODUCTION is nec- 
essary to prevent a species from becoming extinct. 


reptile \'rep-t*l\ n. 
zooLocx. Any of a class of vertebrate animals characterized by 
thick, dry, scaly skin, egg laying on land and the absence of 


gills, feathers or hair. 


A lizard is a REPTILE, as are snakes and turtles. 


repulsion \ri-'pal-shan\ n. 
puysics. The force between two objects that tends to push them 
away from each other, as when like poles of magnets are 
brought together. 
REPULSION occurs when two rods that have like electrical 


charges are brought near each other. 


residual magnetism \ri-'zij-(o-)wal 'mag-no-,tiz-om\ 
pysics. The magnetism that remains in an object after the 
force or object that magnetized it has been removed. 
RESIDUAL MAGNETISM is @ characteristic of all permanent mag- 


nets. 


residual soil \ri-'zij-(2-)wol 'soi(9)lV 
EARTH SCIENCE. Soil that develops from the disintegration and 


chemical change of rock. 


One type of RESIDUAL SOIL is heavy clay formed from shale. 
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residue 


residue \'rez-a-,d(y)ii\ n. 
CHEMISTRY. The solid matter remaining after a process such as 
burning or filtering; also, that part of a molecule remaining 
after removal of one or more of its atoms. 


In filtration, nEsipvk is the solid matter left on the filter paper. 


resilience Vri-'zil-yon(t)sV n. 
puysics. The tendency of an object to regain its original size 
and shape after being squeezed or subjected to pressure. 


Because of its RESILIENCE, rubber has been widely used in the 
manufacture of automobile tires. 


resin \'rez-°n\ n. 
BOTANY and CHEMISTRY. A complex, generally hard, brittle and 
clear substance containing carbon, hydrogen and oxygen; also, 
a secretion from certain trees, as pine resin, used in making 
such materials as turpentine, glues and varnishes; also, some- 
times, any of the synthetic compounds known as plastics. 


If the proper cuts are made, pine resin may be obtained through 
the bark of living trees without permanent damage to them. 


resistance \ri-'zis-ton(t)s\ n. 
1. pnysics. The opposition of a material to a flow of electricity; 
also, generally, opposition to a force, as the opposition of fric- 
tion to the force applied in opening a door. 2. piorocv. The 
ability of an organism to fend off diseases or poisons. 


A material having a relatively-low electrical resistance is called 
a conductor. 


resistor \ri-'zis-tor\ n. 
PHYsICSs. A device put into the path of an electric circuit to 
oppose the flow of current. 


Whenever current flows through a resistor, heat is produced. 


resolution of a force \,rez-a-'lii-shon ov o 'fo(o)rsV 
puysics, The theoretical separation of a given force into two 
or more forces that, when acting together, could produce the 
same effect as the given force. 


RESOLUTION OF A FORCE that moves a lawn mower results in two 
forces, one tending to push it down onto the ground and the 
other tending to push it forward. 


resolving power \ri-'zälv-iņ ‘pau(-a)r\ 
puysics. A measure of the ability of a lens or lens system to 
produce separate images of points relatively close together on 
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RESOLUTION OF A FORCE 


Struck tuning fork sets up vibration 
in second tuning fork 


RESONANCE 
“a 
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re 
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7 


FORCE B 


RESULTANT 
lof forces A and B) 


resultant 


an object or objects being magnified; also, the ability of the 
antennae and other components of a radio telescope to dis- 
tinguish between two radio sources. 


A microscope or telescope with poor RESOLVING POWER is infe- 
rior, even though it may have great magnifying power. 


resonance \'rez-*n-an(t)s\ n. 
puysics. A condition in which the natural vibration frequency 
of an object or system is matched in frequency by an external 
source of vibration energy. Resonance results in vibrations of 
greater amplitude than if no matching occurred and frequently 
occurs in mechanical or electrical systems. 


A tuned radio receiver is in mesoANcE with the specific radio 
waves it is receiving. 


respiration \ res-pə-'rā-shan\ n. 

prorocy. A process occurring in all living cells and character- 

ized by the release of energy from food by an enzyme-controlled 
oxidation reaction; also, the entire breathing process by which 
cells receive oxygen and discharge carbon dioxide. 


Fermentation is a type of RESPIRATION by which cells derive 
energy through decompo. ition of food molecules without 


oxygen. 


response to stimuli \ri-'spän(t)s tü 'stim-y9-liN 

pioLocv. The reaction of a living organism to changes in its en- 

vironment, such as sounds, odors or different temperatures. 
The secretion of digestive juices that begins when one sees and 
smells good food is a RESPONSE TO STIMULI. 


restitution V, es-ta-'t(y)ii-shan\ n. 

puysics. The return of an object to its original shape after de- 

formation by an external force. Restitution occurs only if the 
elastic limit of the object has not been exceeded. 


A rubber ball flattens when dropped on a hard surface but 
exhibits RESTITUTION 4S it bounces. 


rest mass Vrest ‘mas\ 
puysics. The mass of a motionless object. 


The nest MASS 0f 4 subatomic particle is less than its mass when 


it approaches the speed of light. 


resultant \ri-'zolt-nt\ n. 
puysics. A single quantity or effect, as a force, velocity or 
acceleration, obtained by combining two or more forces, veloci- 
ties or accelerations. 
If adjacent sides of a parallelogram represent two forces, then 
a diagonal of the figure represents their RESULTANT. 
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resultant force 


resultant force Vri-'zolt-?nt 'fo(o)rsV 
puysics. A single force that has the same effect on an object as 
two or more separate forces acting on that object. 


The RESULTANT FORCE of a 5-pound force acting northward and 
an 8-pound force acting southward is a 3-pound force acting 
southward. 


resuscitation \ri-,sas-a-'ta-shon\ n. j 
MEDICINE. The process of bringing to life an organism in which 
life processes have apparently stopped. 


Restoration of heartbeat by mechanical stimulation is one type 
Of RESUSCITATION. 


retina \'ret-°n-a\ n. 
ANATOMY and zooLocv. An inner layer of tissue lining the back 
part of the eyeball. It contains the light-sensitive nerve endings 
(rods and cones). 


The RETINA is an expansion of the optic nerve. 


retinal fatigue Vret-?n-ol fa-'tég\ 
PHYSIOLOGY. An accumulation of metabolic wastes within 
the cone cells of the retina, resulting from sudden bright 
light striking the retina or from prolonged staring at a bright 
object. 


RETINAL FATIGUE makes the cells of the retina temporarily less 
sensitive to light and therefore decreases visual acuity. 


retrograde \'re-tra-,grad\ adj. 
1. astronomy. Referring to the apparent motion of certain 
planets as they seem to move westward in relation to the stars. 
2. ASTRONAUTICS. Referring to a direction opposite that of the 
general or previous motion of an object. 


The nErRocnapE motion of Mars and Jupiter can be detected 
by plotting their positions among the stars over a period of 
several weeks. 


reverberation \ri-,var-bo-'ra-shan\ n. 
PHYSICS. The continuing sound that may persist for several sec- 
onds after the source of sound becomes inactive. Reverberation 
is caused by sound being reflected many times from at least 
two surfaces. 


The amount of REVERBERATION in an auditorium or hall may be 
measured by starting a stopwatch as a sudden loud sound is 
made and stopping the watch when the sound ends. 
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rheology 


reverse fault \ri-'vors ‘folt\ 
EARTH SCIENCE. A fracture in the earth’s crust, occurring where 
the rock layers on one side have apparently been thrust up over 
the rock layers on the other side so that the hanging wall has 
moved up in relation to the footwall; see thrust fault. 


A REVERSE FAULT results from compression or shortening of part 
of the earth’s crust. 


reversible process Vri- vor-so-bol ‘pris-.es\ 
puvsics. Any series of physical changes from one state to an- 
other, that can be reversed to return to the original state. 


The expansion and subsequent compression of gas illustrate a 
REVERSIBLE PROCESS. 


reversible reaction \ri-'var-sa-bal ré-'ak-shon\ 
CHEMISTRY. A chemical reaction whose products again react to 
form the original reactants; à reaction in which an equilibrium 
between reactants and product occurs, as in the reaction of 
nitrogen and hydrogen to form ammonia, that, in turn, reacts 
to form nitrogen and hydrogen (Nz + 3H; s 2NH;). 


Although a REVERSIBLE REACTION may start with either products 
or reactants, it always results in a mixture of reactants and prod- 


ucts. 


reversion \ri-'ver-zhon\ n. 

sioLocy. In the development of an organism, the appearance of 

an ancestral feature that is not normally present in the species, 
as the presence of an external tail in a fully-formed human; 
also called atavism. 


neversion in the human embryo provides evidence for the com- 
mon ancestry of man and other an'mals. 


revolution Vrev-o- lü-shonN n. 
]. ASTRONOMY. The act of a celestial body moving in its orbit; 


also, the time required for a celestial body to make one orbit. 2. 
EARTH SCIENCE. A period of time when there is deformation of 
the earth's crust and raising and lowering of large land masses, 
as in the formation of mountains. 


The earth completes one REVOLUTION around the sun in about 


36514 days. 


rheology \rē-'äl-ə-jē\ n. 
paysics. The study of the deformation and flow of matter. 


Studies in RHEOLOGY show that a temperature increase reduces 
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rheostat 


the viscosity of solids and liquids but increases the viscosity of 
a gas if its volume does not change. 


rheostat \'ré-a-,stat\ n. 
ENGINEERING and PHysics. A variable-resistance device used to 
control the amount of electric current flowing in a circuit. 


A nnEosrar is sometimes used to dim electric lights or to con- 
trol the speed of electric motors. 


Rh factor \ä-'rāch 'fak-terV 
MEDICINE and PHYSIOLOGY. Protein substances called antigens 
present in the red corpuscles in most human blood (Rh posi- 
tive). When mixed by transfusion with blood lacking the anti- 
gens, or Rh-negative blood, formation of antibodies against the 
antigens occurs and causes corpuscles of Rh-positive blood to 
clump and dissolve. 


Blood disorders sometimes occur in offspring if one parent 
lacks the RH FACTOR. 


rhizoid Vri-,zóidN n. 
BOTANY. One of the filamentous, rootlike growths on mosses, 
fern gametophytes, liverworts and fungi that absorbs nutrients 
and anchors the plant to the material upon which it grows. 


A nurzom of bread mold penetrates certain organic material, 
secretes enzymes that digest the material and absorbs the re- 
sulting soluble food. 


rhizome Vri-,zomY n. 
BOTANY. A horizontal stem with nodes, buds and branches that 
often looks like a root and that usually grows beneath the 
ground, as in grasses and iris; also called rootstock. 


In the Irish potato plant, the wow enlarges at the end to 
form an edible tuber known as the potato. 


rhodopsin Wo-'dáp-sonV n. 
PHYSIOLOGY and zoorocv. Visual purple. See visual purple. 


rhombus \'riim-bas\ n. 
MATHEMATICS. A parallelogram whose sides are equal. 


The diagonals of a nuomeus are perpendicular to each other. 


riboflavin \,ri-bo-'fla-van\ n. 


CHEMISTRY and MEDICINE. C;;H54N4O,. A yellowish compound 
that is a member of the vitamin-B complex and is found in milk, 


RHEOSTAT 


RHIZOID —»-(( 
(OF MOSS) 


d 
RHOMBUS 


acb-ccd 


RIGHT ANGLE 


RIGHT TRIANGLE 


Ra 


rigidity coefficient 


eggs, liver, green leafy vegetables and yeast; also called vitamin 
Bz, lactoflavin and vitamin G. 


A dietary deficiency of RIBOFLAVIN can result in lack of growth, 
loss of hair and eye disorders. 


ribonucleic acid Vri-bo-n(y)à- kle-ik ‘as-od\ 
BIOLOGY and CHEMISTRY. A complex chemical substitute found 
in all living cells and thought to serve as a pattern for synthesis 
of proteins and enzymes within the cell, It is also thought to 
compose the active part of a virus; abbr. RNA; see deoxyribo- 
nucleic acid. 


One theory of virus action suggests that RIBONUCLEIC ACID from 


the virus enters a cell and causes the cell to stop manufacturing 
its normal proteins. 


ribosome Vri-ba-,sómY n. 
pioLocv. One of many fine, tiny grains found in the cytoplasm 
receiving RNA proteins and containing protein-synthesizing 
enzymes. 
Proteins from dissolved food molecules are made by each RIBO- 
some with its own particular enzyme. 


right angle Vrit ‘an-gal\ 
MATHEMATICS. An angle whose measure is 90 degrees, or Yo 
radian. 


Ant ANGLE is half a straight angle. 


right ascension Vrit o-'sen-chonV 

ASTRONOMY. The angular distance of a celestial object from 

the vernal equinox, measured eastward in the plane of the 
celestial equator from the hour circle of the vernal equinox 
to the hour circle of the object; abbr. RA; symbol, a; see 
declination. 


For convenience, RIGHT ascension is usually expressed in hours, 
minutes and seconds of time, not in degrees, minutes and sec- 


onds of arc. 

right triangle Veit 'tri-ag-galV 
MATHEMATICS. À triangle in which one angle is a right angle. 
The acute angles of a RIGHT TRIANGLE are complementary 
angles. 


rigidity coefficient \ra-'jid-at-€ k6-a-'fish-ont\ 


puysics. A number expressing the resistance of an object to a 


force tending to change its shape without tending to change its 
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rigor mortis 


volume. It expresses the resistance of a given object to a shear- 
ing force. 


Cast iron has a high ricwrry corFricieNt, while rubber usually 
has a low rigidity coefficient. 


rigor mortis Vrig-or 'mórt-osV 
MEDICINE. A stiffening of the muscles after death. It results from 
accumulation of metabolic waste products, such as lactic acid, 
that cause coagulation of proteins in muscle cells. 


RIGOR Mortis usually appears a few hours after death and dis- 
appears when decomposition of the cells begins, from one to 
several days later. 


rime \'rim\ n. 
EARTH SCIENCE. A rough, opaque deposit of ice crystals, formed 
by the freezing of water droplets in contact with an object; 
hoarfrost. 


RIME formed on the wings of an airplane decreases lift by chang- 
ing the shape of the airfoil. 
woop 


ring \'rin\ n. 
1. BorANY. In cross sections of tree trunks, any of the concentric 
markings that result from the structural differences between 
spring wood and summer wood; growth ring. 2. MATHEMATICS. 
In geometry, a figure bounded by two concentric circles. 3. 
CHEMISTRY. A chain of atoms that are joined to form a closed 
loop, usually composed of four to eight carbon atoms. 


VASCULAR 
RAY 


RING 


The amount of precipitation for a particular growing season is 
indicated by the thickness of the growth wc formed in that 
year. 


ring compound \'riy 'kám-,paündV 
CHEMISTRY. One of a group of compounds with molecules con- 
taining four or more atoms joined in a closed loop. Ring struc- 
ture is typical of organic compounds such as benzene and cyclo- 
pentane; also, any one of the aromatic compounds. 


Benzene, the simplest of the aromatic compounds, was pictured 


as à RING COMPOUND by the German chemist Kekule in 1865. BENZINE 


CoH 

rip current Vrip 'kor-ontV 
EARTH SCIENCE. A strong current that flows out from the shore RING COMPOUND 
and returns the water brought to land by waves. (MOLECULAR MODEL) 


A RIP CURRENT is hazardous and should be avoided by swim- 
mers and persons in small boats. 
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ripple marks \'rip-al 'märks\ 
EARTH scence. Wave-shaped surfaces in loose sand or soil ma- 
terials, produced by water currents and waves or by wind; see 
current ripple marks. 


RIPPLE MARKS can sometimes be seen in rock that has been 
formed from sediments containing them. 


RNA 


OTS An abbreviation for ribonucleic acid. See ribonucleic acid. 
ee a S 


! 


Ad 


roasting process \'rost-in 'präs-es\ 
cuemustry. Heating in contact with air to remove easily-vapor- 
ized impurities from a mineral or ore and to convert metallic 
compounds to oxides prior to further chemical processing. 


The first step in obtaining metal from ores is often @ ROASTING 
PROCESS. 


ROCHES MOUTONNEES 


Rochelle salt \rd-'shel 'solt\ 
CHEMISTRY and PHYSICS. A colorless, crystalline reducing agent, 
sodium potassium tartrate, that shows the piezoelectric effect 
when in the form of large crystals; see piezoelectric effect. 


A silvered mirror may be formed by rinsing clean glass with a 
solution of ROCHELLE SALT and then coating the wet glass with 


a solution of silver nitrate. 


roches moutonnées Vrósh müt-?n-àN 

EARTH SCIENCE. Rock knobs that were rounded by glacial action 
and that are generally smooth with some scratches and grooves 
on the upstream side and rough and steeply sloping on the 


UE downstream side; also called sheepbacks and sheepback 


Hw Boat PUMPS rocks. 

i By plotting the direction of the scratches and grooves on a group 
of ROCHES MoUTONNÉES, the direction of glacial movement can 
be determined. 

Propellant ond 

oxidizer explode rock Vrüky n. 

peu i EARTH SCIENCE. A naturally-formed mass of materials, usually in 
ROCKEI ENA a hard, compact form. It may consist of mostly one mineral or 


be a mixture of several minerals. 


Sandstone, a ROCK made up mostly of quartz particles, may also 
contain small amounts of several other minerals. 


rocket engine Vrák-ot 'en-jan\ 
ASTRONAUTICS and ENGINEERING. An engine consisting of one or 


more tubes in which a propellant is burned, the resulting gases 
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rocketry 


escaping in a rearward direction to produce a forward thrust. 
Rocket engines are often classified as either solid-propellant or 
liquid-propellant. 


A ROCKET ENGINE using a liquid fuel, such as kerosene, alcohol 


or liquid hydrogen, must use a strong oxidizing agent in com- 
bination with the liquid fuel. 


rocketry \'räk-ə-trē\ n. 
ASTRONAUTICS and ENGINEERING. The science and technology 


dealing with the theory, research, development, construction, 
testing and use of rockets. 


Safety precautions are an especially-important aspect of the 
testing phase of nockkrny. 


rockoon Vrá-'künN n. 
ASTRONAUTICS. À solid propellant Deacon rocket, used in combi- 
nation with a high altitude balloon. It is launched at an alti- 
tude of about ten miles and thus does not have to overcome the 
resistance of the dense lower atmosphere. 


During the International Geophysical Year in 1957-1958, the 
ROCKOON was used in studies that led to the discovery of the 
Van Allen belts. 


rockslide \'rik-,slid\ n. 
EARTH SCIENCE. A downward, usually-fast movement of rock 


fragments over an inclined surface; also, the rock mass result- 
ing from such a movement. 


The inclined surface over which a ROCKSLIDE moves is usually 
a bedding plane, a joint or a fault surface. 


rods Vrüdz n. 


ANATOMY. Rod-shaped nerve endings in the retina of the eye. 


They are sensitive to varying intensities of light but not sensi- 
tive to color; see cones. 


Robs contain purple pigment, called rhodopsin, that is bleached 
by light. 


roentgen \'rent-gan\ n. 


CHEMISTRY and PHysics. A unit of measure for the amount of 
X rays or gamma radiation absorbed by an object. It is equal 
to the quantity of X Tays or gamma rays that will produce 4.16 
billion ions in 1 cubic centimeter of dry air at 0° C. and at 1 
atmosphere of pressure. 


The noENTGEN is frequently used as a measure of ionizing radi- 
ation in studies of radiation effects on living tissue. 
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BEDDING. PLANES JOINTS ^ Jumbled 


mass 
of rocks 
of oll sizes 


ROCKSLIDE 


RHODOPSIN 


TO OPTIC NERVE 


NUCLEUS 
RODS 


ROOT 
HAIR 


EPIDERMIS 


ROOT CAP 


(of oat) 


rotation 


Roentgen ray Vrent-gon 'ràV 
Another term for X ray. See X ray. 


Roman numerals Vró-mon 'n(y)üm-(o-)rolzV 
MATHEMATICS. Symbols adopted from the Roman numeration 
system and used to represent numbers. In Roman numerals, the 
letter I represents the number 1, V represents 5, X represents 10, 
L represents 50, C represents 100, D represents 500 and M rep- 
resents 1,000. 


The ROMAN NUMERALS MDCII represent 1,000 + 500 + 100 + 
1 + 1, or 1,602. 


root \'riit\ n. 

1. BorANY. A plant organ that usually grows in the ground, ab- 
sorbs water and dissolved mineral salts from the soil and acts 
as an anchor. 2. ANATOMY. That part of an organ or structure 
that is buried in the tissue beneath it; also, that part of a nerve 
between the cells of its origin or termination and a ganglion. 
3. MATHEMATICS. One of the equal numbers or expressions that, 
when used as a factor as many times as indicated by the index 
of the root, results in a given number or expression, as 2 is one 
of the fifth roots of 32 because 2°2°2°2°2 = 32. 


A roor differs from a stem in that it does not have nodes, buds 


and leaves and because it responds positively to gravity and 
negatively to light. 


root cap Vrüt 'kap\ 
BOTANY. A cone of tissue that covers the tip of a root and that 
protects and lubricates the root as it penetrates the soil. 


The growing cells of the root are in the tip, directly behind the 
ROOT CAP. 


root pressure Vrüt 'presh-orV 
BOTANY. A force, chiefly osmotic, by which water rises in a plant 


from the root. 


ROOT PRESSURE and cohesion help to drive sap up through the 
vessels of the xylem. 


rotation \r6-'ta-shon\ n. 
1. ASTRONOMY. The turning of a celestial body on its axis. 2. 
ANATOMY. The partial turning of a part of the body around an 
axis or pivot, as the turning of the head from side to side or the 
turning of the arm in a somewhat circular motion around its 
ball-and-socket joint. 


The earth makes one rotation every 24 hours, while Mercury 
rotates and revolves once every 88 days. 
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rotor 


rotor \'rdt-ar\ n. 
ENGINEERING. The rotating part of an electric machine or tur- 
bine; also, rotating airfoils of a helicopter or gyroplane. 


^. C. GENERATOR 
FIELD COILS 


In an AC generator, the noon is composed of field coils. 


rubber \'rab-ar\ n. 
CHEMISTRY. Any one of several solid, elastic substances ob- 
tained from latex. Rubber is a high-molecular-weight hydro- 
carbon compound with elastic properties, Taken from natural STATOR 
Sources, it is a polymer of isoprene. If made by synthetic (ARMATURE) 
processes, it may be any polymer with elastic properties 
(elastomer). 


Natural RUBBER has been obtained from milkweed and golden- 
rod juices, but production costs are too high to make these 
plants useful as commercial sources, 


ruminant \'rii-ma-nant\ n. 


runner \'ran-ar\ n. 
BOTANY. A slender, horizontal plant stem that takes root at its 
end and starts a new plant; also called a stolon, RUMINANT 


A strawberry plant reproduces by a RUNNER that grows out from 
the root system of the parent plant. 


rupture Vrop-chor n, 
l. EARTH SCIENCE. A break in tock, caused by folding or fault- 
ing. 2. MEDICINE. The tearing or breaking of a Structure, as a 
blood vessel or appendix. 


STRAWBERRY 


A RUPTURE of the ocean floor may cause a tidal wave. 


rust \'rast\ n. 


RUNNER 


High relative humidity and air pollutants, such as soot and 
ozone, speed the formation of RUST. 


176 


SUBMAXILLARY 


SUBLINGUAL GLAND 


GLAND 


SALIVARY GLANDS 


@ 
o2 


SACCHARIN 


Saccharin 
tablets 


PAROTID 
GLAND 


saccharin Vsak-(o-)ronN n. 
CHEMISTRY. A sweetening agent, several hundred times as sweet 
as sugar, that has no food value and that is produced syntheti- 
cally from toluene obtained from coal tar. 


Chemists and physiologists have been unable to explain why 
SACCHARIN tastes sweet. 


salicylic acid \,sal-a-'sil-ik 'as-od\ 
CHEMISTRY and MEDICINE. A crystalline, organic acid used in 
producing such medicinal products as aspirin and oil of winter- 
green; see organic acid. 


SALICYLIC acm heated with methyl alcohol in the presence of 
sulfuric acid will produce methyl salicylate. 


saline Vsa-.lenV adj. 
1. MEDICINE. Referring to a solution of sodium chloride in pure 
water. 2. CHEMISTRY and EARTH SCIENCE. Containing salt or salts. 
3, puysioxocy. Referring to a solution of salts in water, having 
approximately the same concentration as body fluids. 


A sau solution may be used to prevent the drying out of a 
vital organ exposed to air during an operation. 


salinity \sa-'lin-ot-é\ n. 
cuemistry. The amount of salt or salts (usually sodium chlor- 
ide) dissolved in a solution; expressed as parts-per-million or 
percentage by weight. 
The sainiry of water in the Atlantic Ocean averages about 3.5 
percent by weight, while the salinity of the Great Salt Lake in 
Utah is 23 percent by weight. 


saliva \so-'li-va\ n. 
PHYSIOLOGY and zooLocv. A clear, somewhat sticky secretion 
of the salivary glands. In man, it contains mucus and enzymes 
and is usually slightly alkaline. It moistens and softens food 
before the food is swallowed. 
sativa contains the enzyme ptyalin that aids in changing starch 
to the sugar maltose and maltose to dextrose. 


salivary glands Vsal-o-,ver-e ‘glandz\ 
puysioocy and zooLocy. The digestive glands that secrete 
liquid, or saliva, into the mouth of an animal. 


In man, there are three distinct groups of SALIVARY GLANDS. 
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salt \'solt\ n. 
CHEMISTRY. Any one of a large group of crystalline compounds 
that conducts electricity when melted or dissolved in water; an 
ionic compound derived from an acid by the replacement of 
one or more of the acid’s hydrogen atoms by a metal atom or 
a metallic radical; frequently, sodium chloride, NaCl. 


The savr sodium chloride may be formed by a neutralization 
reaction of hydrochloric acid with sodium hydroxide. 


salt dome Vsolt 'dómV 
EARTH SCIENCE. A mass of salt having the general shape of a 
vertical cylinder that has been pushed up through surrounding 
sedimentary rock strata. Gas and oil frequently occur in adja- 
cent traps in the sedimentary rock. 


A SALT DOME may be found inland or may occur under water, 
as in the Gulf of Mexico. 


saltpeter \'solt-'pét-ar\ n. 
CHEMISTRY. A crystalline compound, potassium nitrate, KNO,, 
that is found in nature or produced synthetically. It is used as 
a fertilizer and in the manufacture of black powder and other 
chemical products and is distinguished from Chile saltpeter or 
sodium nitrate, NaNO. 


SALTPETER deposits found in the earth have been shielded from 
water, since saltpeter dissolves readily in water, 


sand \'sand\ n. 
EARTH SCIENCE, Mineral or rock particles !4 & to 2 mm. (400 to 
164 inch) in size; commonly, quartz grains. 


The action of waves along a seashore helps break large rocks 
into SAND. 


sandstone \'san(d)-,st6n\ n. 
EARTH SCIENCE. A sedimentary rock composed of grains of sand 
cemented together by a mineral substance, such as silica, cal- 
cium carbonate or iron oxide. 


SANDSTONE is often the color of the material that cements the 
sand particles together. 


sap \'sap\ n. 
BOTANY. Plant fluid consisting chiefly of mineral salts, gases and 
organic substances, dissolved in water. Sap moves and is con- 
tained mainly in phloem and xylem tissues. 


The flow of maple sar in early spring is partly caused by root 
pressure and partly by gases that expand in xylem tissues. 
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saponification \so-,pin-a-fa-'ka-shon\ n. 
CHEMISTRY. A chemical reaction in which soap is formed; usu- 
ally, the reaction between fat and a strong alkali to produce 
soap and glycerol. 


Heating beef tallow or olive oil with a solution of lye causes 
SAPONIFICATION. 


saprophyte Vsap-ro-/fitV n. 
BOTANY. A plant that obtains food from dead organic matter, 
such as mold (fungus) that lives on bread, bacteria that sour 
milk or orchids that obtain their food from humus. 


Because a sarropuyte has little or no chlorophyll, it is unable 
to manufacture its food as do green plants. 


sapwood Vsap-,wüdY n. 
BOTANY. The outer cylinder of wood that surrounds the heart- 
wood of a stem. Sapwood is younger, lighter and softer than 
heartwood and is usually living. 


Tree fungi will often enter through a wound and digest and 
oxidize heartwood, leaving only a shell of saewoop and bark. 


satellite Vsat-?l-itV n. 
1. ASTRONOMY. A celestial body that orbits about a larger body, 
as the moon revolves around the earth, 2. AsrRONAUTICS. Any 
man-made object put into orbit around the earth, moon or other 


celestial body. 


In our solar system, Earth, Mars, Jupiter, Saturn, Uranus and 
Neptune each have at least one natural SATELLITE. 


saturated Vsach-o- rát-adV adj. 

1. CHEMISTRY. Referring to a substance that will not absorb or 
react with any more of a second substance; also, referring to a 
molecule in which there are only single covalent bonds. 2. PHY- 
scs. Referring to an electron tube in which all free electrons or 
ions are collected at the positive electrode. 3. EARTH SCIENCE. 
Referring to the atmosphere when it contains all the moisture it 
can hold. 

A sponge that has soaked up all the water it can hold is satu- 


RATED. 


saturated hydrocarbon \'sach-a-,rat-od shi-dra-'kar-bon\ 
CHEMISTRY. A carbon and hydrogen compound having mole- 
cules with single covalent bonds between their atoms. It is dis- 
tinguished from an unsaturated compound that has molecules 
containing at least one double or triple covalent bond, and it 
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saturated solution 


will burn and undergo replacement reactions but will not un- 
dergo additional reactions, 


Propane is a SATURATED HYDROCARBON, as are all members of the 
methane (paraffin) series of hydrocarbon compounds. 


saturated solution \'sach-a-,rit-od sa-'lii-shon\ 
CHEMISTRY. A solution in which no more solute will dissolve un- 
less the temperature of the solution is changed. The solution is 
in equilibrium with undissolved solute. 


The higher the water temperature, the more sugar required to 
make a SATURATED SOLUTION of sugar in one quart of water. 


saturation point \,sach-a-'ra-shon ‘point\ 
l. EARTH scence. The temperature at which dew is formed; 
see dew point. 2. BioLocy. The largest number of organisms that 
can live and flourish in a given region. 3. cHEmistry. The point 
at which a solution cannot dissolve any additional substance, 


The SATURATION rorNr of air depends primarily upon its tem- 
perature. 


saturation pressure \,sach-a-'ra-shon ‘presh-ar\ 
puysics. The greatest pressure that can be produced in a closed 
container partly filled with liquid at a given temperature. Satu- 
ration pressure occurs when the air space in the container has 
all the vapor molecules it can hold at a given temperature; see 
vapor pressure. 


The SATURATION PRESSURE in a closed container rises as the tem- 
perature increases, 


scalar quantity \'ska-lor 'kwän(t)-ət-ē\ 
PHYSICS, A quantity that expresses amount but not direction, as 
distinguished from a vector quantity, that specifies amount and 
direction. 


Eighty miles per hour is a scavan QUANTITY, but eighty miles 
per hour northward is a vector quantity. 


scale \'ska(a)I\ n. 

1. zoorocy. Any of a type of body covers, including the flexible 
plates of fish, the sections of hardened skin on snakes, birds and 
some mammals, the broad hairs on butterfly wings and the se- 
cretion covering certain scale insects. 2, ENGINEERING and PHYs- 
ICS. A fixed ratio between the dimensions of a real object and 
the corresponding dimensions of a drawing, model or map of 
the object; also, a device used for weighing. 3. BOTANY. An over- 
lapping covering of a bud; also, overlapping leaves. 


The growth rings of a fish scare may indicate the age of the fish. 
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scaling \'skā(ə)l-iņ\ n. 
ENGINEERING and MATHEMATICS. Reducing or increasing the 
range of variables in an analog computer problem so that the 
computer may be used to its optimum sensitivity. 


SCALING is necessary when data is fed into an analog computer 
faster than the computer can process the data accurately. 


SCATTERING 
77 (OF ALPHA RAYS) 


scattering \'skat-a-rin\ n. 
puysics. The irregular reflection or refraction, or both, of a beam 


Mm iL of radiation; also, the action caused by a solid substance in the 

it path of a beam of light, sound or atomic particles. 

i 

Ur] By studying the scarrerinc of a beam of alpha radiation by a 
SE thin gold foil, Baron Ernest Rutherford, in 1911, concluded that 


an atom must contain a central core. 


scavenger Vskav-on-jor n. 
1. zooLocx. An animal that feeds on dead animals or refuse. 2. 
cHEMISTRY. A chemically-active substance that can absorb im- 


TURKEY VULTURE purities from another substance to which it is added. 


The turkey vulture, calley turkey buzzard in some areas, is a 
SCAVENGER of farm fields and woodlands. 


schist \'shist\ n. 
EARTH SCIENCE. A metamorphic rock containing layers of thin, 
irregular plates of mica and other minerals. 


The minerals in scmsr are formed into layers by intense heat 
and pressure. 
SCAVENGER 
science \s'i-on(t)s\ n. 
The organized body of knowledge about the physical universe, 
its components and phenomena. It includes the attitudes re- 
lated to, and those methods applied in, the search for new 
knowledge; see theoretical science and technology. 


The nature of science is such that scientific information is al- 
ways being revised and increased. 


scientific method Vsi-on-'tif-ik 'meth-adV 
Generally, the procedures used by scientists in the systematic 
pursuit of new knowledge and the re-examination of existing 
knowledge. It is often simplified to include identifying a prob- 
lem, collecting data, stating a hypothesis and drawing a con- 


SCHIST clusion. 
Though scientists use many different techniques and proced- 
ures, the spirit of a search is the key to any SCIENTIFIC METHOD. 
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scientific notation Vssi-on-'tif-ik nO-'tà-shonV 
MATHEMATICS. À method of writing very large numbers as 
shorter numbers multiplied by the proper power of 10. The ex- 
ponent is the number of 0’s omitted. If it is a negative exponent, 
the O's go before the number, but after a decimal point. 


When SCIENTIFIC NOTATION is used, 5,000,000,000 becomes 
5 x 10’ and .0000000005 becomes 5 x 10°, 


scintillation \,sint-*I-'a-shon\ n. 
PHYSICS. A flash of light produced when ionizing radiation 
strikes a sensitive substance, Many such flashes can be seen by 
looking closely at a luminous clock dial in a dark room. 


The brightness of a scntiLLATION is proportional to the energy 
of the particle or wave causing it. 


scintillation counter Vsint-?l-'à-shan 'kaünt-orV 
PHYSICS. A device that measures radioactivity by counting the 
light flashes from a radioactive source. The flashes are absorbed 
by a phosphor detector that is coupled to a photomultiplier tube. 


A SCINTILLATION COUNTER, unlike a Geiger counter, can dis- 
tinguish between alpha, beta and gamma radiations. 


scion Vsi-on n. 
BOTANY. A bud, or a stem containing at least one bud, that is 
removed from a plant for grafting to a stock; also spelled cion. 


In grafting, as much as possible of the cambium, or growing 
tissue, of the scion and the stock should be brought into contact, 


sclerotic coat Vsklo-'rüt-ik 'kōt\ 
ANATOMY. The fibrous, whitish, outer layer of the eyeball in 
which the eye muscles are attached; also called the sclera, 


The area of the scueRoric coat that is transparent and slightly 
bulged at the front of the eyeball is known as the cornea. 


sea VseY n. 
EARTH SCIENCE. The great mass of salt water that covers a large 
portion of the earth; also, an ocean, such as the Pacific or Atlan- 


LAND 
tic; also, a body of salt water smaller than an ocean, such as the i 
North Sea; also, a large body of inland salt water, such as the N 
Dead Sea. 
Three-fourths of the earth's surface is covered by the sea. COOL AIR 
SEA BREEZE f 


sea breeze \'sē 'brēz\ 
EARTH SCIENCE. A gentle-to-moderate wind that blows from 
water to land after the land has been heated by the sun, Rising 


CONTINENTAL SHELF 


SEAMOUNT 


second 


air currents from the heated land result in lowered air pressure 
toward which the wind blows. A sea breeze lasts from about 
noon until sunset on sunny days; see land breeze. 


In temperate climates, a sea BREEZE blows only on sunny sum- 
mer days, while, in tropical climates, it blows on sunny days 
throughout the year. 


sea level \'sé 'lev-olV 
EARTH SCIENCE. The mean, or average, level of the ocean sur- 
face for all stages of the tide. Sea level is used as a reference 
point in determining the elevations of land masses. 


The mean sk LEVEL is determined by averaging a large num- 
ber of observations over a relatively-long period of time. 


seamount \'sé-,maunt\ n. 
FARTH SCIENCE. An isolated undersea mountain, generally cone- 
shaped and probably volcanic in origin. Hundreds have been 
located in the Pacific Ocean and a smaller number in the Atlan- 
tic, 
The summit of a seamount may be 1 to 3 miles above the 
ocean floor. 


sebaceous glands \si-'ba-shas 'glandz\ 
ANATOMY and zooLocv. Saclike glands, usually opening into 
hair follicles, that secrete an oily fluid that lubricates the skin 


and hair. 


The sEBACEOUS GLANDS occur everywhere on the body but are 
most prevalent in the face and scalp. 


secant \'sé-,kant\ n. 

MATHEMATICS. In trigonometry, the inverse of the cosine. Ex- 
pressed as a function of an acute angle of a right triangle, it is 
the ratio of the hypotenuse to the side adjacent to the given 
angle. As a function of an angle in standard position in a co- 
ordinate plane, it is the ratio of the distance, measured from 
the origin to a point on the terminal side of the angle, to the 
abscissa of the point; also, a straight line that, if extended far 
enough, cuts a given curve at two or more points; abbr. sec. 


The secant of a 60-degree angle is equal to 2. 


second Vsek-ond n. 
MATHEMATICS. A measure of time equal to 1/ 60 minute; also, a 


measure of an angle equal to 1/3,600 degree. 


One seconp of latitude, as measured along the earth's surface, 
is approximately equal to .02 mile, or about 100 feet. 
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sediment 


sediment \'sed-o-mont\ n. 
1. cueMistry. Solid material that will settle out of a liquid or 
that can be removed from the liquid by filtering. 2. EARTH 
SCIENCE. Solid material carried in suspension or deposited by 
water, wind or ice. 


Although skpiwENT may be fütered from drinking water to 
make the water clear, disease-causing bacteria may still be pres- 
ent. 


sedimentary rock Vsed-o-'ment-o-r& 'räk\ 
EARTH SCIENCE. A rock or rock formation produced by deposits 
of sediment from older rocks, by an accumulation of plant or 
animal remains or by the products of chemical reactions and 
precipitates. 


SEDIMENTARY ROCK is always formed in, and is usually found in, 
layers or beds of rock. 


seed \'séd \ 
1. Borany (N.). The ripened ovule of a flowering or cone-bear- 
ing plant, consisting of the embryo, one or more seed coats and 
stored food. 2. EARTH SCIENCE (V.). To introduce crystals or 
chemicals, such as silver iodide or dry ice, into a cloud in an 


attempt to cause rainfall; see cloud seeding. 


A sep begins to grow only under certain conditions of temper- 
ature, moisture and air composition. 


seed plants \'séd ‘plants\ 


Botany. A large group of plants having flowers or cones, true 
roots, stems and leaves; spermatophytes. 


Roses are flowering seep pLants, but pines are cone-bearing 
seed plants. 


segmentation V,seg-mon-'tà-shonY n. 


zoo.ocy. The body structure of an organism made up of 
joined ringlike sections. The structure is typical of earthworms 
and insects and less noticeable in vertebrates. 


SEGMENTATION in an embryonic chicken can be seen 21 hours 
after fertilization. 


segregation \,seg-ri-'ga-shon\ n. 


BIOLOGY. A genetic principle formulated by Gregor Mendel, 
stating that pairs of hereditary units carrying such character- 
istics as tallness or dwarfness separate during reproduction, so 
that each offspring receives one of each pair. 


The eye-color genes of dark-eyed parents who are hybrid for 


SEDIMENT 


CONGLOMERATE SHALE 


d ae 


SANDSTONE LIMESTONE 


SEDIMENTARY ROCK 


(Internal view) 


GEN 


(External view) SEED 
(BEAN SEED) 


SEGMENTATION 


(EARTHWORM) 


semicircular canal 


light eyes may be redistributed in their offspring by sEcREGA- 
TION, producing pure light-eyed, hybrid dark-eyed and. pure 
dark-eyed children in the ratio of 1:2:1. 


Tracing indicates earthquake 


SPRING seismograph \'siz-ma-,graf\ n. 
EARTH SCIENCE. An instrument that records vibrations, especially 
earthquake vibrations and those produced by man-made ex- 


WEIGHT s 
plosions. 


|M 
SEISMOGRAPH 
A sensitive SEISMOGRAPH can record earthquake waves that 
originate on the opposite side of the earth. 


seismology \sīz-'mäl-ə-jē\ n. 
EARTH SCIENCE, The scientific study of earthquakes and other 
earth vibrations and the measurement of the earth's elastic prop- 
erties, 


Information obtained through se:sworocv forms the basis for 
the hypothesis that the earth has a solid core surrounded by a 


liquid layer, 
\ Ww | selective membrane \sə-'lek-tiv 'mem-,bran\ 
vier. PLANT BIOLOGY. Another term for semipermeable membrane. See semi- 


permeable membrane, 


I7 > self-induction \,sel-fin-'dək-shən\ n. 
gan puysics. The electromotive force, or voltage, produced by an 
SELF-POLLINATION increase or decrease, or both, in the rate of electrical current 
| / flow in a circuit and opposing the flow of current. Self-induction 
can be greatly increased by a coil in the circuit; also called in- 


ductance and inductive reactance; see inductance. 


The effect of sEL¥-1NDUCTION is most noticeable in circuits con- 
ducting high-frequency alternating current and is least notice- 
able in direct current circuits. 


self-pollination \,self-,piil-o-'na-shan\ n. 
sotany, The transfer of pollen from the stamen of a flower to its 
stigma, or to the stigma of another flower on the same plant. 
Mendel used pea plants for his hereditary research because they 
reproduce by SELF-POLLINATION. 


SEMICIRCULAR 


semicircular canal \,sem-i-'sor-kyo-lor ko-'nalV 
ANATOMY and PHYSIOLOGY. Any of three loop-shaped organs, 
or canals, in the inner ear that are associated with the sense of 
balance. Each of the canals is in a plane approximately at right 
angles to the planes of the other two canals. 


Wm X 

EARDRUM 

- Each SEMICIRCULAR CANAL contains fluid and nerve endings that 
are sensitive to any change in the position of the head. 
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semiconductor 


semiconductor \,sem-i-kon-'dak-tar\ n. 
PHYSICS. À solid substance with electrical conductivity less than 
metals (good conductors) and greater than substances such as 
glass or rubber (poor conductors). Its electrical resistance de- 
creases as its temperature increases, A semiconductor is often 
used in such electronic devices as transistors and rectifiers, 


The unusual properties of a semaconvuctor are related to small 
imperfections in its crystal structure and traces of impurity in 
the crystal. 


semilunar valves \,sem-i-'lii-nor 'valvz 
ANATOMY. Cuplike valves made up of half-moon-shaped leaflets 
or folds of tissue, located in the heart at the openings of the 
aorta and the pulmonary artery. F 


SEMILUNAR VALVES prevent blood from flowing back into the 
heart after the ventricles contract. 


semipermeable membrane \,sem-i- ‘par-mé-a-bal 'mem-,bran\ 
1. BioLocy. A thin layer of tissue, or a layer of protoplasm in a 
cell, that permits the diffusion of some substances through it 
while retarding or preventing the passage of other substances; 
sometimes called selective membrane. 2. cHemistry, A thin 
layer of substance through which certain molecules may move 
by diffusion. 
The sEMIPERMEABLE MEMBRANE of à plant cell may permit 
water, minerals and soluble foods to pass through it, while re- 
taining other substances in the cytoplasm. 


‘sensory nerves Vsen(t)s-(-)ré 'nərvz\ 
PHYSIOLOGY. Afferent nerves that carry impulses from various 
parts of the body to the spinal cord and to the brain. 


SENSORY NERVES relay impulses related to such sensations as 
touch, muscular movement and pain. 


sepal \'sép-al\ n. 
Botany. One of the outermost leaflike parts of a flower. They 
make up the calyx, enclose the floral bud and are usually green, 


The serar of a tulip may remain green or become colored, de- 
pending on the variety of tulip. 


sere Vsi(o)rV n. 
BIOLOGY and EARTH SCIENCE, The succession of changes in an 
area as it proceeds from barrenness to a climax formation. 


The transformation of some of the desert areas of Israel into 
gardens and farms is an example of a secondary sere—that is, 
one in which man influences development and succession, 
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sex-linked character 


series \'si(a)r-(,)éz\ n. 


puysics, An arrangement in an electric circuit wherein the cur- 
rent flows through all the components of the circuit, as con- 
trasted with the branching arrangement of a parallel circuit. 


An electric circuit arranged so that current flows through each 
component in order is said to be in SERIES. 


serum Vsir-omN n. 


puysioLocv. The clear part of any animal liquid, obtained when 
the liquid separates from its more solid parts; usually, the clear 
liquid that remains when blood clots. 


serum from the blood of an animal immune to a disease may 
be used to immunize human beings against the disease. 


servomechanism Vsor-()) vo- mek-o-,niz-amV n. 
ENGINEERING and mvsics. A device in which the amount of 
movement or energy produced is measured and compared to the 
required amount, and in which the amount of error so compared 
is used to actuate the device to produce the required movement 


or energy. 
The automatic pilot used in many aircraft is one type of SERVO- 
MECHANISM. 


set \'set\ n. 
MATHEMATICS. A well-defined collection of objects. 


The sex of prime numbers has as its members those positive 
integers that have no divisors other than themselves and their 
additive inverses, —1 and 1. 


sex-influenced character \'seks-,in-,flii-on(t)st ‘kar-ik-tor\ 
GENETICS. An inherited trait that is dominant in one sex and re- 


cessive in the other. 
Color blindness is a SEX-INFLUENCED cuaracrer that is dominant 
in men and recessive in women. 


sex-limited character \'seks-lim-at-od ‘kar-ik-tor\ 
GENETICS. A trait that can appear only in the female or only in 
the male, because the gene that carries it is effective only in the 
presence of one of the sex hormones. 


Beard growth is a SEX-LIMITED CHARACTER. 


sex-linked character \'sek-,slin(k)t 'kar-ik-terV 
zooLocY. A hereditary characteristic transmitted by the sex, or 


X, chromosomes. 
Color blindness is a common SEX-LINKED CHARACTER AMONG 


males. 


187 


188 


sexual reproduction 


sexual reproduction Vseksh-(o-)wal ré-pra-'dek-shonV 
BIOLOGY. The production of a new individual through the fusion 
of a male sex cell, or sperm, with a female sex cell, or egg; see 
asexual reproduction. 


SEXUAL REPRODUCTION results in offspring that vary from their 
parents and from other individuals of the same species. 


shale Vsha(o)IN n. 
EARTH SCIENCE. À sedimentary rock made up of fine-grained 
clay and silt particles. 


SHALE occurs in thin layers that usually split apart easily along 
the bedding plane. 


shear Vshi(o)rV n. 
PHYSICS. À force that, when applied to an object, tends to cause 
one layer of the object to slide over another layer. 


SHEAR can be demonstrated by pushing sideways on the top 
half of a deck of cards. 


shell VshelN n. 

1. zootocy. A hardened, rigid covering secreted by the mantle 
or body wall of an animal and usually composed of calcium 
carbonate; also, the outer covering of an egg. 2. porany. The 
tough, outer coat of a fruit or seed of a plant. 3. cuemusrry and 
PHYSICS, Any one of several energy levels that an electron may 
occupy in an atom. A shell is frequently thought of as one of 
several spheres on which the electrons seem to revolve around 
the atomic nucleus in the center. 


A clams sHELL grows as new material is deposited around its 
edges, 


shield volcano \'shē(ə)ld val-'ka-(, )nō\ 
EARTH SCIENCE. A volcanic cone formed by the overlapping of 
lava. The slope of the cone is gentle, usually between 4 and 
10 degrees. 


Each of the 5 volcanoes on the island of Hawaii is a smiexp 
VOLCANO. 


shock \'shak\ n. 
MEDICINE and PHYSIOLOGY. An extreme physical reaction char- 
acterized by a sudden drop in blood pressure, a fast, weak pulse, 
cold and clammy skin and a feeling of anxiety. Shock may be 
caused by either physical injury or mental stress. 


Physiological stock may be caused by painful injury, excessive 
loss of blood or extensive burns. 
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side reaction 


short circuit Vshó(o)rt 'sor-kotN 
PHYSICS. A pathway along which an electric current travels with 
little or no resistance. It can result in a very high electric current 
that may produce enough heat to melt wires or set fire to a 
flammable substance. 


A fuse or circuit breaker is often used to disconnect the source 
of electrical power when a snort cmcurr occurs in a wiring sys- 
tem. 


short wave \'sho(a)rt 'wav\ 
puysics. A radio wave of higher frequency and, therefore, 
SIAL ZONE shorter wavelength than those radio waves used in commercial 
(OUTER CRUST) broadcasting. 


The Federal Communications Commission regulates the use 


SIMA ZONE of snort WAVE radio transmitters in the United States. 


shunt \'shont\ n. 
puysics. A conductor that divides electric current into two sepa- 
rate currents that rejoin each other after a short distance; also, 
a conductor that forms a parallel circuit with another conduc- 
tor. 


A suunt is frequently used to extend the range of an ammeter. 


sial zone Vsi-,al 'zōn\ 

EARTH SCIENCE. The outer crust of the earth, consisting of all the 
rock material forming the continental masses and the under- 
water extensions in the continental shelf. Its average specific 
gravity is 2.7. 

The star ZONE was named by combining the symbols for silicon 
and aluminum, Si and Al, elements that are found in large 
quantities in the outer crust. 


À sibling \'sib-lin\ n. 
Q 9 zooLocv. Any one of two or more offspring of the same parents. 
c 
Side chain added Ina litter of animals, the smallest sts.1Nc is called the runt. 
O=H to benzene molecule (CoH) 
creates phenol 
@=o molecule (CHOH) side chain Vsid 'chan\ 
CHEMISTRY. A chain of atoms attached to the main chain of 
SIDE CHAIN atoms in a molecule or attached to a group of atoms arranged 


ina closed ring. 


The introduction of a swe CHAIN creates a molecule with differ- 
ent chemical and physical properties. 


side reaction Vsid ré-'ak-shan\ 
cuemastry. A chemical reaction that occurs in addition to the 


189 


190 


sidereal day 


principal reaction. It involves the same reactant or reactants 
but yields different products, 


A sme REACTION, also known as a secondary reaction, does not 
consume the major portion of the reactants. 


sidereal day \si-'dir-é-al 'da 
ASTRONOMY. The length of time between two successive cross- 
ings of a meridian by a particular star. 


The SIDEREAL DAY is equal to 23 hours, 56 minutes and 4 sec- 
onds of mean solar time. 


sidereal period \si-'dir-é-al 'pir-é-ad\ 
ASTRONOMY. The time required for a planet or natural satellite 
to complete a single revolution, as measured with respect to the 
fixed stars, 


The swEREAL PERIOD of the moon is 27 days, 7 hours and 43 
minutes. 


sidereal time \si-'dir-é-9] 'tim\ 
ASTRONOMY. The measurement of time with respect to the stars, 
as contrasted with civil time, that is based on a mean solar day; 
see sidereal day. 


By clocks designed to use sweREAL TIME, stars rise at the same 
time every evening, while by ordinary clocks, they rise 3 min- 
utes and 56 seconds earlier each evening. 


sidereal year \si-'dir-é-al 'yi(a)r\ 
ASTRONOMY. The length of time taken by the earth to make one 
revolution around the sun, as measured with respect to the fixed 
stars; see year and tropical year. 


The SIDEREAL YEAR is equal to 365 days, 6 hours, 9 minutes and 
10 seconds of mean solar time. 


sieve tube Vsiv 't(y)iib\ 
BOTANY. A vertical column of cells, each connected by perfo- 
rated end walls, that forms the main food-conducting tissue in 
the phloem of plants. 


A mature SIEVE TUBE cell characteristically lacks a nucleus, 


significant digits Vsig-'nif-i-kont 'dij-otsV 
MATHEMATICS. Digits that affect the accuracy of a measurement. 
Nonzero digits of a numeral are always significant, while zero 
is significant only when it appears between other digits, when 
it appears to the right of another digit in a decimal or when 
indicated as significant by a bar above or below it. 


The following numerals each have three sicnwicant DIGITS: 
-00302, .032, 320000, 3.02 and 3000. 


Earth's orbit 


27 DAYS, 
7 HOURS, 
43 MINUTES 


SIDEREAL PERIOD 
(OF MOON) 


; PHLOEM 
MPANION 
e2 co 


{ CELL 


SIEVE TUBE 


PHLOEM 
PARENCHYMA <<? HA 
CELLS S 


ae ^ 
; BATHOLITH MAT 


SILICA 
(ROSE QUARTZ) 


SILICON 
(ATOM) 


ZZ 
a—— ZZ 3m 
LACCOLITH 


sill 


significant figure \sig-'nif-i-kont 'fig-yorV 
MATHEMATICS. Starting from the first nonzero digit after the 
decimal point or the first nonzero digit before the decimal point, 
any of the digits of a number that are closer to the true value 
than any other digit of the number. 


Tf a substance weighs 327.6 grains on a balance weighing to 
0.1 grain, the .6 is a SIGNIFICANT FIGURE. 


silica Vsil-i-koV n. 
EARTH SCIENCE. SiO». The compound silicon dioxide. 


Quartz is a common mineral composed of sica. 


silicate Vsil-o-,katV n. 
CHEMISTRY. Any one of several glasslike compounds that con- 
tains silicon, oxygen and one or more metallic elements. Sili- 
cates are usually insoluble in water, and are contained in most 
common rocks. 


Sodium silicate, a soluble sucate, is sometimes sold in a con- 
centrated solution known as water glass. 


silicon \'sil-i-kon\ n. 
CHEMISTRY. A chemical element. Next to oxygen, it is the most 
abundant in the earth’s crust and usually occurs as a compound 
with oxygen. Symbol, Si; atomic number, 14; atomic weight, 
28.086. 


Crystalline smacow containing a controlled trace of impurities 
has been used to make solar cells, 


silicones Vsil-o-,konzN n. 
CHEMISTRY. A group of high-molecular-weight compounds com- 
posed principally of silicon, oxygen, carbon and hydrogen. They 
are polymers used as electric insulators, in synthetic rubber and 
in automobile polishes. 


The chemistry of suacowzs is based on the fact that a silicon 
atom, like a carbon atom, can form four covalent bonds with 
other atoms, as well as with atoms of the same kind. 


sill \'sil\ n. 
EARTH SCIENCE. A relatively-thin, flat body of igneous rock 
formed from liquid rock (magma) forced between layers of 
sedimentary rock. 


The Palisades along the Hudson River are formed of an eroded 
sar more than 60 miles long. 
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